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A NOTE ON THE INTERACTION OF DPNH AND FMN* 
By Irvin ISENBERG, SPENCER L. Batrpb, JR., AND ALBERT SZENT-GYORGYI 


INSTITUTE FOR MUSCLE RESEARCH AT THE MARINE BIOLOGICAL LABORATORY, WOODS HOLE, 
MASSACHUSETTS 


Communicated January 11, 1961 


Flavin mononucleotide (F MN) and diphosphopyridine nucleotide (DPN) occupy 
a key position in the chain of oxidative metabolism. It has been shown! 2 that 
DPN + is reduced to DPNH by the addition of hydrogen. Further on in the chain, 
at the level of the cytochromes, oxido-reduction evidently occurs by the passage 
of electrons. It follows, therefore, that at some point in the chain the passage of 
hydrogen must be replaced by the passage of electrons. This might occur at the 
point where DPNH and FMN interact. 

Singer and Kearney* showed that flavins could serve as a catalyst for the oxida- 
tion of DPNH by cytochrome, or by molecular oxygen. Commoner and Lippin- 
cott? demonstrated that free radicals could be observed during this oxidation. The 
authors have shown’ that DPNH, an electron donor, and FMN, an electron accep- 
tor, may form a strong charge transfer complex. Recent work® has indicated that 
charge transfer complexing may lead to the formation of free radicals. Further- 
more, by the simple expedient of using a dual modulation system for spin resonance 
signal detection, one could tell whether a given signal resulted from one or two free 
radicals. It was therefore felt that a further spin resonance study of the DPNH- 
MN interaction was indicated. 

Technique and Results —The spin resonance technique was the same as that. re- 
ported in a previous communication.® 

The DPNH was purchased from the Sigma Chemical Company and the FMN 
from the Nutritional Biochemical Corporation. All samples were in 0.01 M Tris 
buffer pH 7.42. 

The interaction of DPNH and FMN yielded the signal shown in Figure 1. Photo- 
reduction of FMN alone yielded an identical signal. Photoreduction was achieved 
by deoxygenating a sample of 10-2 M FMN and permitting it to lie 10 inches from 
a 100-watt desk lamp for 5 hours. 

An attempt was made to see whether the signal observed from the DPNH-FMN 
interaction was dependent on the presence of oxygen or light. For this purpose 
a glass system was arranged with dry DPNH and FMN in one chamber and buffer 
in another chamber. ‘This system was sprayed with black paint and connected 
to a right-angle glass bend which had previously been sprayed black inside and out, 
and this, in turn, joined a vacuum line and a source of nitrogen (Matheson prepuri- 
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fied). The chamber containing the powder was evacuated and then connected 
to the buffer so that the entire amount of buffer entered the chamber to yield a 
known concentration of DPNH and FMN. The solution was then frozen and 
kept at 77°K while it was evacuated to 10-* mm Hg. N» gas was then permitted 
to enter the chamber, and the solution was thawed and permitted to stand at room 
temperature for at least 30 minutes. The solution was then refrozen and the cycle 
repeated. At least five cycles were used on each run. In some instances the buffer 
alone was cycled and the dryspowder evacuated before mixing. After cycling, 
the solution was left under No, the sample cell in the microwave cavity was evacu- 
ated, and a stopcock between the two opened so that the solution could pass into 
the sample cell. The sample was then covered with N» gas. 

This procedure yielded a sample that showed a signal that was identical in shape 
and about equal in intensity to samples that were simply mixed in air under normal 
laboratory lighting. 

After a signal was obtained, a metal plate on the front of the cavity was removed 
and a microscope lamp was focused on the sample through slots in the wall of the 
cavity. Shining the light for 5 minutes showed no increase in the signal. 

Discussion.—It seems clear that the spin resonance signal obtained in the inter- 
action of DPNH and FMN is not due to a photoreduction, even though photoreduc- 


Fic. 1.—Second derivative spectrum resulting from interaction of DPNH and FMN (0.015M 
each). Marker shows one gauss. Arrow indicates position of free electron resonance. 


tion of FMN can occur when a sample is subjected to a high photon flux. Since 
the signal obtained with or without the deoxygenation procedure had about the 


same intensity. it is probably true that molecular oxygen plays no role in the produc- 


tion of the signal. However, it is well known that the complete elimination of 
oxygen from a system is very difficult and hence, in the event of a negative result 
such as reported here, one has difficulty in being certain that the oxygen has been 
reduced to a sufficiently low level. 

Figure 1 shows the signal obtained from DPNH-IMN interaction. It is sym- 
metric about a center line and hence. in all probability, is due to one free radical. 
Since photoreduction of FMN yielded the same signal, the signal is evidently that 
of the FMN free radical at neutral pH. No stable free radical of the pyridine 
nucleotide is present, at least in quantities comparable to the FMN radical. This 
is in contrast to the situation one observes in the interaction of serotonin and FMN. 

It is tempting to speculate on why no pyridine nucleotide free radical appears. 
As an initial step the DPNH and FMN come together to form a strong charge 
transfer complex, in which one, or almost one, electronic charge passes from DPNH 
to FMN. In the complexed state no spin resonance signal is observable. The 
complex may then dissociate. 

The DPN free radical may then undergo a dismutation reaction leading to fully 
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reduced and fully oxidized pyridine nucleotide. We thus envision the following 


scheme: 
DPNH + FMN = DPNH+-FMN- = DPNH?+ + FMN 
2DPNH+ = DPN+t+ + DPNH + H?* 
with possibly 
FMN- + H+ = FMNH. 


The net result would be that DPNH reduces FMN to a semiquinone without 
forming a free radical itself. 

* This research was supported by a grant from The Commonwealth Fund, Grant No. H- 
2042(C3) from the National Heart Institute, and a grant from the National Science Foundation. 
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ASSEMBLY OF THE PEPTIDE CHAINS OF HEMOGLOBIN* 
By Howarp M. Dinvtzis 
DEPARTMENT OF BIOLOGY, MASSACHUSETTS INSTITUTE OF TECHNOLOGY 
Communicated by John T. Edsall, January 16, 1961 


The mechanism by which proteins are synthesized has been a matter of intense 
speculation in recent years.'!:? Some published speculative models propose simul- 
taneous bond formation between all neighboring activated amino acids on a pre- 
loaded template (a sort of stamping machine operation). Others suggest various 
forms of sequential addition of amino acids to a steadily growing polypeptide 
chain. In addition there have been hypothesized all degrees of exchange between 
amino acids already incorporated into growing peptide chains on the template and 
various Classes of precursor “‘activated’”’ amino acids in solution.® 

A common concept of how peptide chains may grow is based on their linear 
chemical nature and assumes serial addition of amino acids, starting at one end of 
the chain and progressing steadily to the other end. A less orderly picture involves 


peptide sections growing randomly here and there on the template and finally 


coalescing into a single chain. Since we know very little about the geometric 
nature of the templates upon which protein synthesis occurs,‘ we cannot a priori 
rule out all manner of complex growth mechanisms. [or example, if the sub- 
structure of the template is folded or coiled in a regular manner it is possible that 
short, evenly spaced bits of peptide chain are made first on those parts of the tem- 
plate most accessible to the external solution and that the intervening bits are 
added later at a slower rate. Also since nothing is known about the type of bonds 
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holding the activated amino acids to the template just prior to peptide bond forma- 
tion, we cannot assume that chain growth is necessarily unidirectional. It is 
possible that chain growth is initiated at both the amino end and the carboxyl end 
and progresses towards the middle, or conversely, begins in the middle and pro- 
ceeds toward both ends. 

It is apparent that there exists no shortage of hypothetical models of protein 
chain growth. The difficulty lies in finding an analytical technique capable of 
yielding enough information to eliminate conclusively most wrong models and, if 
possible, to narrow the choice to a single correct one. 

Data concerning the actual mechanism of protein assembly should in principle 
be obtainable by studying both the newly formed protein molecules and the ribo- 
some templates on which they are supposedly formed. However, no method exists 
for fractionating from a cellular extract all ribosomes engaged in the production of a 
single type of protein molecule. If a type of cell could be found which is engaged 
solely in the synthesis of a single kind of protein molecule, then presumably all 
ribosomes in such a cell would contain incomplete bits of that kind of protein mole- 
cule and no others. 

Fortunately, a close approximation to this highly desirable situation exists in 
the case of immature mammalian blood cells producing hemoglobin. These cells, 
reticulocytes, account for 80 to 90 per cent of the red cells present in the blood of 
rabbits made anemic by daily injection of phenylhydrazine. The cells may be 
isolated from the blood and placed in an incubation medium where they will con- 
tinue producing hemoglobin for many hours.’ ® During such an incubation over 
90 per cent of the soluble protein produced appears as hemoglobin. It is therefore 
reasonable to expect most of the growing peptide chains present in the ribosome 
fraction of such cells to represent incomplete hemoglobin molecules. 

If we have available a technique for splitting the peptide chains of both com- 
pleted and incompleted hemoglobin molecules at a definite number of specific 
sites, we should be in a position to test which one, if any, of the above hypothetical 
mechanisms of protein assembly is correct. This is so because each model of pro- 
tein assembly leads to a definite prediction as to the time and space distribution of 
newly added amino acids in short sections of peptide chain, both in finished hemo- 
globin and in the ribosomal particles. Amino acids labeled with radioactive iso- 
topes provide a means of detecting newly added amino acids. In living reticulo- 
cyte cells there exist a very large number of finished hemoglobin molecules (10 
20% of the cell by weight) and in addition a large number of ribosomal particles, 
supposedly containing unfinished hemoglobin molecules in different stages of com- 
pletion. If, at a given moment, we add a radioactively labeled amino acid to the 
incubation medium containing reticulocytes, then we expect polypeptide produced 
thereafter to be labeled with radioactive amino acid. 

The data to be presented in this paper strongly support a model of protein syn- 
thesis involving growth by some kind of sequential addition of amino acids. In 
igure 1 are shown some of the predicted consequences of this type of model. 
‘or the purposes of illustration we have chosen a model involving chain initiation 
at one end of the polypeptide followed by sequential addition of one amino acid 
after another until the other end is reached. We shall assume that some digestion 
technique can be used to split each polypeptide chain at a definite number of 
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specific sites, yielding the set of peptides a, b, c,...g, and that furthermore, the 
set can be separated and the amount of newly added amino acid present in each 
member a,...g determined quantitatively. 

In the finished hemoglobin at short times, we would then expect a steep gradient 
of radioactive label through the peptides, with only a few peptides labeled at very 
short times. At longer times the gradient of radioactivity along the peptide chain 
should become shallower as more and more completely labeled molecules are pro- 
duced. At all times, the peptide g, closest to the finish line, should have the most 
radioactive label, and the peptide a, closest to the starting line, should have the 
least radioactive label. 



































FINISH 


Fig. 1.—Model of sequential chain growth. The straight lines represent unlabeled polypeptide 
chain. The zigzag lines represent radioactively labeled polypeptide chain formed after the 
addition of radioactive amino acid at time ¢;. The groups of peptides labelled R are those un- 
finished bits attached to the ribosomes at each time; the rest, having reached the finish line, are 
assumed to be present in the soluble hemoglobin. In the ribosome at time f., the top two com- 
pletely zigzag lines represent peptide chains formed completely from amino acids during the time 
interval between ¢; and tf. The middle two lines represent chains which have grown during the 
time interval but have not reached the finish line and are therefore still attached to the ribosomes. 
The bottom two chains represent those which have crossed the finish line, left the ribosomes, and 
are to be found mixed with other molecules of soluble hemoglobin. 


On the other hand, in the ribosomes at very short times we would expect an 
almost uniform distribution of total label among the various peptides since each 
growing chain will have added only a small radioactive section (Fig. 1). After times 
long enough to flush out the nonradioactive bits of growing chain, there should be a 
gradient of total radioactivity from the initial peptide a, with the most, to the final 
peptide g, with the least. For this model this is so because there exist in a popula- 
tion of ribosomes at any moment, more sections of peptide a than b, more b than c¢, 


and so on. Thus, the expected gradient of label in the ribosomes is opposite to 


that in the finished hemoglobin, both in space direction and in time development. 
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General Experimental Considerations.—The technique used for forming and separating a repro- 
ducible set of peptides was a modification of the method involving a combination of paper electro- 
phoresis and chromatography, at right angles, used by Ingram for human hemoglobin,’ and 
termed ‘fingerprinting’ by him. The enzyme trypsin, which splits polypeptides with high 
specificity wherever the amino acids lysine and arginine occur, furnishes the means of splitting at 
a definite number of sites. For various reasons, many details of Ingram’s procedure for tryptic 
digestion, paper electrophoresis, and chromatography were modified in the present study. 

The problem of obtaining quantitative data on the amount of radioactivity in each peptide 
was solved by the use of two different isotopic labels. Short incubations were done with H*- 
leucine, and very long incubations with C'-leucine. The very long incubations were assumed to 
give hemoglobin of uniform specific activity in each leucine position. The H* and C1*-labeled 
preparations were mixed and carried through the stages of digestion, electrophoresis and chro- 
matography together. The ratio of H* to C'4 was taken as a measure of the amount of label in 
each peptide obtained from the short time incubations. This method gave an internal stand- 
ardization automatically correcting both for the differential losses and for the different number of 
leucine residues in the peptides. 

In order to slow the rate of hemoglobin synthesis to the point where samples could be handled 
with convenience, incubations were tried at various temperatures below body temperature. It 
was found that the rate of incorporation of C!*-leucine into hemoglobin fell slowly with tempera- 
ture until a point about 10° was reached, whereupon incorporation abruptly stopped. Incorpora- 
tion of labeled amino acid was found to proceed smoothly at 15° at approximately '/, of the rate 
at 37° (Table 1) and this temperature was routinely used for all short-time experiments. 


TABLE 1 


INCORPORATION OF C!* LEucINE INTO RaBBIT HEMOGLOBIN AT VARIOUS TEMPERATURES OF 
INCUBATION 
Experiment 1— - Experiment 2 
Temperature of 
incubation Cpm/mg % of 37° value Cpm/mg % of 37° value 

0 0 0.00 
5 14 0.22 
10 280 4.3 
15 2,230 34 
20 : : 


8,150 
ie 17,700 
25 iat 52,600 
30 45,000 
37 6,500 100 47,000 


Hemoglobin was dialyzed for 5 days against water, precipitated with trichioroacetic acid, dis- 
solved in dilute NaOH, reprecipitated with trichloroacetic acid, washed with acetone and ether, 
and then plated in thin layers containing approximately 20 mg. Counting was done using a 
Nuclear Chicago end window gas flow counter, the results corrected to zero thickness. 


It has been previously shown that the structural protein of ribosomes is not appreciably labeled 
at short times of incubation.’ It was therefore assumed that the labeled peptides resulting from a 
digest of ribosomes with ribonuclease and trypsin represent growing hemoglobin chains and not 
ribosomal structural proteins. On tryptic digestion the ribosome structural protein did yield a 
large number of ninhydrin staining peptides which were distinct from those of hemoglobin but, as 
expected, they did not contain radioactive label. 

Incubation of cells: Rabbit reticulocytes prepared from phenylhydrazine-treated animals were 
washed and incubated according to the procedures of Borsook et al.6 The cells were incubated 
at 37° for 15 min to allow them to renew metabolites, then at 15° for 5 min. To 1.8 ml cells in a 
total volume of 4 ml incubation mixture was added 0.24 mg 4, 5 H*-pt-leucine (5 me, New England 
Nuclear Corporation, 3.6 me per umole) and the incubation continued at 15°. At various inter- 
vals aliquots of approximately 1 ml were removed with a pipet and quickly placed in precooled 
vials surrounded by solid carbon dioxide. 

Uniformly labeled C*4 leucine hemoglobin was prepared in a similar manner from approximately 
1 mg of L-leucine, uniform C'4, (50ue Nuclear Chicago), which was incubated with 10 ml of sterile 
whole blood at 37° for 5 or 24 hr. During 24-hr incubations a significant amount of cell lysis oc- 
curred, partly offsetting the approximately 50 per cent higher specific activity obtainable. Typi- 
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eal incubations with C' L-leucine of specific activity 6-8 c/millimole gave hemoglobin of ap- 
proximate activity 1 X 10° dpm/mg. 

Preparation of hemoglobin and ribosomes for tryptic digestion: Samples containing approxi- 
mately 0.45 ml cells were thawed and the broken cells diluted to a volume of 7 ml with cold solu- 
tion containing 0.14 M KCl, 0.001 M MgCl, and 0.01 M Tris-Cl pH 7.3. Solution of this com- 
position had been previously shown to stabilize rabbit reticulocyte ribosomes? and was used in all 


operations where ribosomes were present. The solutions were then centrifuged at 20,000 g for 10 
min to remove cell walls and debris, and then at 130,000 g for 1'/. hr to remove ribosomes. 

Hemoglobin: The ribosome-free supernatant was dialyzed for 5-7 days in the cold against daily 
changes of 5 & 1074 M KH,PO,, 5 & 1074 M K.HPO, saturated with toluene to prevent bac- 
terial growth. The slight precipitate which formed was centrifuged off and the supernatant 
hemoglobin frozen until used 

Short time labeled H*-leucine hemoglobin (4-60 min at 15°) solution was mixed with long 
time labeled C'4-leucine hemoglobin (5-24 hr at 37°) solution in a ratio such that both the H* 
and C'* could be counted with good accuracy. This ratio was usually near 10 dpm H* per dpm 
C4, The combined hemoglobin solution was then used to prepare globin by acid acetone pre- 
cipitation. 4 

Ribosomes: The ribosome pellets were dissolved in 7 ml stabilizing buffer at 0°C, centrifuged 
for 5 min at 20,000 g to remove denatured protein and then reprecipitated by centrifuging at 
130,000 g for 1'/2 hr. The ribosomes were redissolved and recentrifuged three times to remove 


Locetteecspeceese* 


Fic. 2.—Separation of a- and 8-chains of rabbit hemoglobin on 
carboxymethylcellulose column. 


free leucine and hemoglobin. The final ribosome pellet was a very light yellowish color and com- 
pletely transparent. 

Separation of peptide chains of hemoglobin: The a- and 6-chains of rabbit globin were separated 
on carboxymethyl cellulose using a linear concentration gradient of buffer between 0.2 M formic 
acid—0.02 M pyridine and 2 M formic acid—0.02 M pyridine (Fig. 2). Two samples of carboxy- 
methyl cellulose were found to give good results: a preparation of 0.47 meq/g (Brown Co., Berlin, 
N. H.) and a preparation of 0.06 meq/g (Serva, Heidelberg, Germany). Several preparations of 
higher capacity from various companies did not give as good results. Solutions of separated 
chains were dried under vacuum in the presence of sulfuric acid and soda lime. 

Tryptic digestion of hemoglobin samples: Autotitrator: Dried samples were dissolved in water to 
a concentration of 10-20 mg/ml. The pH was adjusted to 9.5 with 0.10 N NaOH from an initial 
value between 3 and 4. Dense precipitation occurred near neutral pH but the solution became 
clear again at pH 9.5. 0.01 ml of 1% trypsin (Worthington 2x crystallized, salt-free in 10-3 M 
HCl) was added for each ml of solution and the digestion was allowed to proceed at 37° until 
definite evidence of a plateau in base uptake was obtained (approximately 1!/2 hr). 

Buffer: 10 mg of dried sample was dissolved in 0.5 ml water, 0.015 ml 0.56 M NH,OH was 
added, followed by 0.01 ml 1% trypsin and 0.025 ml buffer made of 1 M NH,OAc + NH,OH 
to pH 9.75. Digestion proceeded for 4 hours at room temperature. 
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In all cases digestion was stopped by the addition of several drops of glacial acetic acid. The 
samples were then dried under high vacuum in the presence of sulfuric acid and soda lime and 
then dissolved at a concentration of 100 mg/ml in 0.4% acetic acid-0.1% pyridine, giving a 
preparation which was often clear, but sometimes had slight to medium turbidity. 

Tryptic digestion of ribosome samples: The ribosome pellet from 0.45 ml cells, approximately 
3 mg dry weight, was dissolved in 1 ml water. 10-20 mg uniformly labeled C' leucine globin 
was dissolved in 1 ml water. The two solutions were mixed and adjusted to pH 8.5 in an auto- 
titrator at 37°. 0.02 ml 1% ribonuclease (Worthington crystalline) was added, followed, after 
15 min, by 0.02 ml 1% trypsin. The digestion was followed in the autotitrator for 15 min, then 
the pH was raised to 9.5 and the digestion followed for approximately 1'/2 hr until a plateau was 
reached. The samples were acidified and dried as in the case of hemoglobin digestion. 

Paper electrophoresis: Electrophoresis was carried out on a water-cooled metal plate insulated 
with a thin sheet of polyethylene. Strips of Whatman No. 3MM paper 12 in. wide and 37 in. 
long were wet with buffer of pH 4.5 (2.5% pyridine, 2.5% acetic acid, 5% n-butanol, all concen- 
trations v/v) and blotted. Eight-inch wicks made of 4 thicknesses of the same paper were over- 
lapped at each end, and 0.02 ml of solution containing 2 mg of sample was applied at the origin. 
The paper was then covered with polyethylene sheeting pressed flat by weights applied over a 
sponge rubber pad. Electrophoresis was carried out at 2,000 volts and approximately 100 ma, 
for 16 hr, after which the paper was dried. 

Chromatography: The dried papers were trimmed to a length of 33 in. and stapled into cylinders 
12 in. high. Chromatography was then conducted at room temperature in glass jars 12 in. wide 
and 24 in. high, using a mixture of 42.5 vols n-butanol, 27.5 vols pyridine, 30 vols water. Occa- 
sionally it was necessary to increase the chromatographic resolution by sewing a 4-in. strip of 
paper to the top of the sample sheet before stapling into a circle. 

Isolation and counting of peptides: The dried chromatograms were dipped in 0.25 per cent nin- 
hydrin in acetone, dried, and heated at 90° for 5 min. The resulting blue paper spots were cut 
out, placed in 20 ml counting vials and 5 ml of water was added to each. The vials were then 
heated in an oven at 90° for 30 min to extract the peptides from the paper, after which time the 
paper was removed from the vial with a tweezer and the solution evaporated to dryness overnight 
in an oven at 90°. 0.20 ml of 0.01 HCl was added to each vial, followed by 20 ml of scintillator 
solution made up of three parts toluene, one part absolute ethanol, and containing 1% phenyl- 
biphenylyloxadiazole-1,3,4(PBD) and 0.05% p-bis [2-(5-phenyloxazoly])]-benzene (POPOP). 
The resulting solutions were measured for C!4 and H? activity simultaneously using a TriCarb 
scintillation counter equipped with split channel operation so that the lower voltage channel 
counted both C'4 and H’ while the upper voltage channel counted mainly C'*. The recovery of 
radioactivity from eluted peptides of hemoglobin amounted to approximately 50 per cent of the 
amount applied at the origin spot for paper electrophoresis. 

The TriCarb scintillation counter was run with 1040 volts on the photomultiplier tubes. The 
lower pulse height discriminator was set to register pulses between 10 and 50 volts, giving an 
efficiency of 6.5% for H* and 20% for C'4 with a background of 40 cpm. The upper pulse height 
discriminator was set to register pulses of 100 volts or higher, giving an efficiency of 0.14% for H’ 
and 37% for C' with a background of 60 cpm. Mixtures of isotopes ranging from 2 dpm Hé 
dpm C' to 40 dpm H*/dpm C* were used. 

Figure 3 shows a rather typical peptide separation. To improve photographic reproduction. 
the ninhydrin staining was done with twice the usual concentration of ninhydrin. The result 
shows more clearly than usual the presence of ‘‘ghost’’ spots, which are defined as weak spots 
sometimes present but usually absent or barely detectable. The spots which are always or almost 
always present have been numbered arbitrarily from left to right. 

Peptide 31 is the leucine-containing peptide farthest from the origin as determined by radio- 
activity count on peptides made from uniformly labeled hemoglobin. There are approximately 
four ninhydrin staining spots farther from the origin than peptide 31, but since they were not 
labeled by leucine, they were routinely removed from the paper by electrophoresis, to increase 


the separation of the remaining peptides. The total number of peptides found with reasonable 
reproducibility is thus about 35, appreciably above the number 26 reported in human hemoglobin 
by Ingram.” It should be noted that a number of peptides, e.g., 2, 7, 16, 19, 23, stain quite weakly 
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and may represent products of incomplete tryptic digestion, or partial digestion by other enzymes 
such as chymotrypsin which may be present as trace impurities in the trypsin. 

The separation and identification of peptides was not uniformly good. In some runs spots were 
either missing or badly smeared into other spots. Consequently it was necessary to eliminate 





TOTAL DIGEST 


Fic. 3.—Peptide maps of tryptic digest of total rabbit globin (bottom) and column separated 
a-chain (top). The point of application of digest to the paper is marked by O. The positive 


electrode is to the left. 


from elution and counting in each run those peptides which could not be identified with cer- 
tainty or which badly overlapped with neighbors known to contain leucine. 

A total of 18 peptides, 9 from the a-chain and 9 from the 6-chain, were found reproducibly to 
contain leucine in significant quantity. The average relative yield of C'* in these peptides, ob- 
tained from digests of uniformly labeled single chains, is shown in Table 2. In addition, smaller 


TABLE 2 
.Revative YreELD or C!* Leucine From Tryptic PEPTIDES 
a-Chain Peptides 8-Chain Peptides 
Average relative Average relative 
Peptide number yield Peptide number yield 
10 0.4 
11 0.7 
14 2 
16 Q.< 


CoS amt 


orn 


3 


amounts of label were found in peptides 2 (8), 6 (a), 19 (a), and 28 (8), but since their yields 
were quite small and variable, no attempt was made to do quantitative measurements on them 
(except for a few studies on peptide 28, reported below). This study, which is dependent on the 
use of radioactive leucine, is therefore based on slightly over half of the total number of recog- 
nizable peptides produced from hemoglobin by trypsin digestion. Extension to the remaining 
peptides awaits the availability of other amino acids, preferably lysine and arginine, of very 
high H? specific activity. 
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Results.— After 7 min of incubation at 15° in the presence of H# leucine, a marked 
difference in the relative amount of tritium contained could be found in the pep- 
tides of both the a- and 8-chains. The peptides could be arranged in a more or less 
definite order of increasing tritium content (Fig. 4), such that only the relative 
order of nearest neighbors was in doubt. 

At different times of incubation the same relative order of the peptides was main- 
tained (lig. 5). The shape of the curves indicates extreme nonuniformity of 
labeling at 4 min of incubation, with a number of peptides containing no detectable 
H* leucine. By 60 min of incubation the gradient of radioactivity has been largely, 
but not entirely, eliminated. 

To check the significance of the varying amounts of H* leucine found in different 
peptides two types of control experiments were made (Table 3). First, hemoglobins 
made by incubation for 5 hr at 37° with H* leucine and with C4 leucine were mixed, 
digested and counted for H* and C'’. These samples gave a uniform ratio within 
experimental error; see Table 3, column (a). Next, samples from a 7-min incuba- 
tion at 15° giving marked nonuniform labeling with H® leucine (Table 3, column (6) ) 
were checked to see if any systematic counting error was involved. To each sample 

TABLE 3 
ContTrRoTs ON CounTING AccURACY 
Peptide (a) Long-time (b) Short-time (c) Increment 
number incubation incubation ratio 
a-Chain 
Ol .08 02 
o4 .08 98 
06 ae aa 
04 36 03 
04 .38 05 
07 69 05 
02 - i 
2 Q2 84 00 

16 88 06 02 
8-Chain 

13 0.05 98 

24 93 0 (2 
1 01 0.16 03 
7 4 0.2: 02 
3 94 0.3 88 
9 99 0.5: 02 
18 97 0.5! 89 
12 05 0 00 
27 86 


l 


(a) 5-hrineubation H$ leucine, 5-hr incubation C'4 leucine, relative amount of tritium. 
(6) 7-min incubation H# leucine, 30-hr incubation C' leucine, relative amount of tritium. 
c) Ratio of increases in H* to C'4 after adding H leucine and C'‘ leucine to each counting vial of (6). 


vial a constant amount of H’ standard and C'4 standard were added, and the radio- 
activity redetermined. The measured increments in H* and C" activity were con- 
stant within experimental error and the normalized ratio of increments AH*/AC"' 
was also constant (Table 3, column (c)). 

The results obtained by digesting ribosomes were less reproducible for a number 
of reasons. First, the a- and 6-chains could not be separated, since by definition 


we were looking for incomplete chain fragments in the ribosomes, and thus did not 
dare lose fragments in an attempt at fractionation. Secondly, the over-all back- 
ground of radioactivity between ninhydrin staining spots was much higher in the 
ribosomes. This is perhaps to be expected from the model in Figure 1, where there 
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Peptide Number, a Chain - 7-Minute Incubation Peptide Number, B yin -7-Minute Ir 


Fic. 4.—Distribution of H*-leucine among tryptic peptides of soluble rabbit hemoglobin. 
Peptides produced by tryptic digestion in an autotitrater are indicated by @. Peptides produced 
from a separate incubation by tryptic digestion in buffer are indicated by X. 


Peptide Number, a Chair 
Fic. 5.—Distribution of H*-leucine among tryptic peptides of soluble rabbit hemoglobin after 
various times of incubation at 15°C. The points indicated for 7 minutes (@) are the result of 
averaging all points shown in Figure 4. 
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are shown end bits of growing chain which do not span vertical lines. Such bits 
would not correspond to tryptic peptides from hemoglobin and would not be ex- 
pected to separate with the known peptides; hence they would contribute to the 


background of radioactivity. 

Figure 6 shows the data obtained from ribosomes of cells which had been in- 
cubated for short periods (4 to 7 min) at 15°. It is hard to see any significant 
trend to the data, with the possible exception that the terminal peptides (16 and 
27) seem lower than the rest. It thus appears that at these short times of incuba- 
tion the hemoglobin peptides in ribosomes are labeled almost uniformly. 

Figure 7 shows results from ribosomes of cells which had been incubated 60 
min at 15°. In this case there is a clear trend visible in the peptides of the a-chain 
with a less definite result in the case of the B-chain. The gradient of radioactivity 
is opposite to that in Figure 4. 

After 7 min of incubation with H®* leucine at 15° the hemoglobin peptides iso- 
lated from soluble hemoglobin (lig. 4) had an average specific activity of 1.2 X 
10° dpm H* per mg. The average specific activity of the hemoglobin peptides 
prepared from the ribosomes isolated from the same cells may be calculated if one 
can make an estimate of the weight fraction of ribosomal particles which is present 
as growing hemoglobin chains. If we make the extreme assumption that the puri- 
fied ribosomes are pure hemoglobin, then the specific activity of the average peptide 
in the ribosome (Fig. 6) is 7 X 10° dpm H® per mg, or 60 times that of the average 
peptide in soluble hemoglobin. If we take as more likely the previously reported* 
estimate that growing peptide chains amount to approximately 0.1 per cent of the 
ribosomal mass, then the ratio of peptide specific activity in ribosomes to that in 
soluble hemoglobin becomes 60,000. This latter assumption also leads to the con- 
clusion that the specific activity of the H*-leucine in the ribosomal hemoglobin 
peptides is approximately 1.5 times that of the H*-leucine used for the incubation, 
a result obviously too high but within the combined errors of experiment and 
assumptions. These results indicate conclusively that the tryptic peptide frag- 
ments of hemoglobin isolated from ribosomal particles are precursors of finished 
hemoglobin molecules and do not represent contamination of the ribosomal par- 
ticles by completed molecules from the soluble pool. 

The results given in Figures 4, 5, 6, and 7 are in agreement with the model shown 
in Figure 1 in all particulars. The predicted gradient of radioactivity in the pep- 
tides of soluble hemoglobin, becoming less pronounced with time, and the inverse 
gradient in the peptides of the ribosomes, becoming more pronounced with time, 
are both found. The development of a gradient of radioactivity in the ribosomal 
hemoglobin peptides at long times is perhaps the most direct proof to date that 
ribosomes contain incomplete growing peptides. A gradient might be expected at 
short times in the ribosomes due to contamination from nonuniformly labeled 
molecules produced elsewhere, but it is hard to see how a gradient could develop 
with increasing time except by means of the mechanism shown in Figure 1. 

It must be stressed that the data given thus far do not constitute proof of the 
correctness of the particular model in Figure 1, although they are in complete agree- 
ment with it. This is the case because all the data presented above are limited 
to time measurements. To test the model completely, the sequence of amino acid 
residues along the peptide chain must also be known. Specifically it must be 
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Fic. 6.—Distribution of H*-leucine among tryptic peptides of ribosomes after short incubations. 


lia. 7.-—Distribution of H*-leucine among tryptic peptides of ribosomes after long incubations. 


shown that peptides at the end of the time sequence, e.g., 21 and 31, are nearest to 
the end of the polypeptide chain, and furthermore that peptides which are neigh- 
bors in the time sequence of labeling with H® leucine, e.g., 
neighbors on the polypeptide chain. 


14 and 31, are also 
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An attempt has been made to identify the tryptic peptide nearest to the free 
carboxyl end of each hemoglobin chain. Guidotti has reported that by using a 
mixture of carboxypeptidases A and B he was able to remove sequentially ap- 
proximately a dozen amino acids from the carboxyl end of the a- and 8-chains of 
human globin.’ In the case of human globin a leucine residue was one of those 
removed from each chain. It was therefore reasonable to assume that a similar 
operation on rabbit globin could remove a leucine residue from the peptide nearest 
to the carboxy! end. 

Uniformly labeled C' leucine globin was incubated according to the conditions 
of Guidotti with carboxypeptidase A (Worthington, DIFP treated) and carboxy- 
peptidase B (kindly donated by Dr. Martha Ludwig). After digestion it was heated 
at 100° for 15 min to denature the enzyme, and then mixed with undigested uni- 
formly labeled H* leucine globin which had received the same treatment, except 
that no carboxypeptidase had been added to it. The mixture of C™ leucine globin 
and H® leucine globin was then digested with trypsin and the peptides were sep- 
arated and counted as described above. If the carboxypeptidase had no effect 
on any recognizable leucine-containing peptide, then we would expect to obtain a 
constant ratio of H* to C' in each resulting tryptic peptide (e.g., see Table 3, 
column (a)). If, however, C'*-leucine were removed from a peptide by the action of 
carboxypeptidase, we would expect a decrease in C!4 leucine content in that peptide 
with a corresponding increase in the ratio of H* to C'*. The experiment was also 
done in reverse, with the H® leucine globin being digested with carboxypeptidase. 
As a final control both C' leucine globin and H® leucine globin were carried 
through all operations except that no carboxypeptidase was added to either. The 
results are indicated in Table 4. 


TABLE 4 
RELATIVE TRITIUM CONTENT OF TRYPTIC PEPTIDES FOLLOWING CARBOXYPEPTIDASE ACTION 
Peptide (a) (b) (c) 
number, C'4 Globin Digested H? Globin Digested No Digestion 
a-chain with Carboxypeptidases with Carboxypeptidases with Carboxypeptidases 
Digest 1 Digest 2 
10 0 1.0 l 0.8 3 ¢ 
1] 0 1.0 ee hs 1.0 mg 
14 0 1.0 l 1.0 0 
16 0 20.0 2 0 3 
20 0 1.0 p 0 
21 0 1.0 4 ; 0 
22 9 0.9 ¢ y 0 
25 0 1.0 2 0 
31 0 L.A y 2 
Peptide 
number, 
B-chain 
] 0 0 
; 9 0 ; a 0 
{ 9g 9 ( a . 9 
y 4 8 0 
‘ 2 8 ( ¢ 9 
0 0 0 
8 s 9 9 | 2.0 
24 0 0 0.¢ 0 
27 6 4 ¢ 0. 0.8 


amd 


28 30.0 .O ‘ 0.07 0.8 


l 
le 
I 
lf 


The only a-chain peptide which shows significant deviation from constant ratio 
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in the expected direction is peptide 16. Unfortunately, the control experiment 
shows some ratio deviation in peptide 16 (column (c)) but not enough to upset the 
conclusion that peptide 16 is near the carboxyl end of the a-chain. The ratio 
variation of peptide 16 in the control experiment (Table 4, column (c)) may be due 
to the fact that the proteins were heated at 100° for 15 min to inactivate carboxy- 
peptidase, whereas in previous experiments (Table 3, column (a)) this was not done. 

In the 6-chain none of the major yield peptides showed a significant ratio change, 
but peptide 28, which was previously sometimes present in minor yield, was present 
in good yield and clearly showed the behavior expected of a peptide near the car- 
boxy! end of the 6-chain. On re-examination of the data from 4- and 7-min H?- 
leucine incubations, four clear cases were found where peptide 28 had been present 
but in low yield. The average tritium conteat of peptide 28 in these four runs 
was found to be 1.06 + 0.27 times the tritium content of peptide 27. Although 
the average yield of peptide 28 was only 0.18 + 0.04 times the yield of peptide 27, 
it is tempting to conclude that peptide 28 is closely related to peptide 27 in the time 
sequence of labeling with H® leucine. 

It would thus appear that in both the a- and 8-chains those leucine-containing 
peptides which are the first to be labeled with H*-leucine in the soluble hemoglobin 
are nearest to the free carboxyl end of the chain. According to the model shown 
in Figure 1, this implies that chain growth terminates at or near the free carboxy] 
end of the molecule. 

Diseussion.—The NH,-terminal amino acid of both the a- and 6-chains of rabbit 
hemoglobin is valine.!! Attempts have been reported to find the rate of short time 
radioactive labeling of the NH»-terminal valine relative to the average of all other 
valines in the hemoglobin molecule. Using whole rabbit reticulocytes, Loftfield? 


reported results indicating that the NH»-terminal valine is labeled last. On the 


other hand, Bishop et al.,'* using a cell-free system from rabbit reticulocytes, re- 
ported results indicating that the NH,-terminal valine is labeled first. Reports 
on other protein-synthesizing systems are equally conflicting. Thus the work of 
Yoshida and Tobita'™ on bacterial amylase indicates that synthesis proceeds from 
the amino-terminal toward the carboxyl-terminal end. Complications are present 
in the interpretation of their work because of the very long times of incubation in- 
volved and the presence of various protein precursor pools. Shimura et al.'* 
using the fibroin synthesizing gland of the silk worm obtained results indicating 
that the NH>-terminal glycine is added last. 

Muir et al. reported finding uniform labeling in hemoglobin labeled in vivo. 
This is to be expected from the results reported in this paper. Thus Figure 5 
shows that labeling is uniform within 20 per cent after 60 min of incubation at 
15°, corresponding to 15 min of incubation at 37°. Kruh et al."* have reported 
nonuniform labeling in hemoglobin after very long in vivo experiments. This result 
is not consistent with the data reported in this paper and possibly represents 
phenomena different from the original synthesis. 

A different approach was used by Loftfield and Eigner who reported kinetics of 
amino acid incorporation into ferritin” and hemoglobin? after short times of in- 
cubation. Their data indicate that for the first few minutes of labeling the specific 
activity of newly formed protein increases as the square of the time, becoming 
linear only after several minutes. From these data they concluded that a scheme 
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essentially the same as that of Figure 1 is indicated. However, this result cannot 
distinguish between a random and a sequential process of attaching amino acids 
to the template. 

It is perhaps worth noting that if the model shown in Figure 1 is finally proved 
to be correct, then the experimental technique described in this paper could be 
useful for structure determination. Thus, it should be possible to determine the 
spatial sequence of tryptic peptides in proteins of unknown structure by determin- 
ing the time order of labeling. 

It has previously been reported® that to account for the production of new hemo- 
globin in living rabbit reticulocytes, each ribosomal particle must, on the average, 
make one polypeptide chain of hemoglobin in 1.5 min. That result was obtained 
by dividing the total rate of hemoglobin synthesis by the total number of ribosomal 
particles. From Figure 5 it may be seen that the last peptide on each chain to be 
labeled receives its label at some time between 4 and 7 min of incubation at 15°. 
Since the rate of labeling was found to be approximately '/, as great at 15° as at 
37° (Table 1), this implies that the total time of assembly of each polypeptide 
chain at 37° is approximately 1.5 min. The agreement between the average rate 
of synthesis, 1.5 min, and the individual rate of chain synthesis, also 1.5 min, 
strongly implies that most of the ribosomal particles present in rabbit reticulocytes 
are, in fact, producing hemoglobin. Since there are approximately 150 amino acid 
residues in each chain, the average rate of growth is close to two amino acids added 
per second. 

In all of the above discussion a number of possible complications have been ig- 
nored because of insufficient data to evaluate their effects. Thus we have ignored 
the effects of both delay time and dilution of specific activity suffered by labeled 


leucine during its passage into the cells and subsequent reactions prior to actual 
peptide bond formation. The fact that we have not needed to invoke these 
processes to explain the results suggests that the effects are small. | Likewise we 


have ignored the possible existence of hemoglobin in transitory forms between com- 
pleted polypeptide chains and final soluble hemoglobins. We might imagine, 
for example, that, a-chains and 6-chains are produced on separate ribosomal particles 
and that furthermore single a- and 8-chains are insoluble and stay on the ribosomes, 
while a, and £2 dimers are soluble. This leads to the notion of a small pool of 
completed chain attached to the ribosome, which would change slightly the results 
expected in Figure 1, and would lead to a less steep predicted slope in Figure 7. 

The figures for this paper have been drawn with uniform spacing between ad- 
jacent peptides. This, of course, does not imply that the labelled amino acids 
are uniformly spaced along the actual polypeptide chain. When the actual se- 
quence of the peptide chains is determined we shall be in a position to plot the 
relative amount of labeling in each amino acid against its position in the chain. 
Only when that is done will it be worthwhile to consider the detailed shape of the 
curves for evidence concerning uniformity of growth rate along the polypeptide 
chain. 

In summary it may be concluded that the growth of the peptide chains of hemo- 
globin is not a random process but a steady sequential addition of amino acids to 
growing chains at the rate of approximately two amino acids per second. The 
number of initiation points per chain is, at most, very small and most likely only one. 
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The chain growth terminates near or at the free carboxyl end. ‘Taken together, 
these conclusions indicate that chain growth proceeds steadily from the free amino 
end toward the free carboxyl end in rabbit hemoglobin. 


The author wishes to acknowledge the expert technical assistance of Miss Judith Karossa and 
Mrs. Ruth Langridge in the early and later parts, respectively, of this investigation. 
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ANALYSIS OF SEQUENCE PATTERNS IN RIBONUCLEASE, II. 
PRIMITIVE GROUPS, THEIR COORDINATIONS, AND PERIODICITY 


By FRANK LANNI* 
DEPARTMENT OF MICROBIOLOGY, EMORY UNIVERSITY, ATLANTA 
Communicated by E. L. Tatum, January 17, 1961 


A previous paper! introduced a new method, vectorial analysis, for investigating 
sequence patterns in proteins. In its primary application to beef pancreatic 


ribonuclease,? the analysis proceeded as follows: 
1. The amino acids of ribonuclease were classified in three groups to provide a 
basis for discerning analogies among suitable nonidentical subsequences. 


2. In certain pairs of analogous subsequences, the constituent residues were 


ordered in the same direction in the molecular chain. In other pairs, the orders of 


the residues were mutually inverted. Each of these order relations was described 
by an analogue sequence vector, which was written as an arrow along each of the 
analogous subsequences and directed to conform to the order of the residues regard- 
less of the peptide-bond orientation. With a selected subsequence as vectorial 
reference, it was possible to deduce a consistent set of vectors, together constituting 
a vector map, that covered most of the chain. This incomplete analogue map 
showed several points of vector inversion, or vector breaks. 

3. Attention was next directed to 30 distinct kinds of repeating dipeptides, called 
repeaters, which had been ignored in the foregoing analysis. Two classes of re- 





262 BIOCHEMISTRY: F. LANNI Proc. N. A. 8S. 


peaters were recognized, depending on whether all the separate occurrences of a 
given repeater were (parallel repeater) or were not (inverted repeater) similarly 
oriented in the molecular chain. In principle, these repeaters can be taken as the 
primary data for vectorial analysis. Each repeater can be assigned a dipeptide 
sequence vector, which is directed toward the same one of the two constituent 
residues at each occurrence of the repeater. Since a choice between two alternative 
vector assignments must be made with each of the 30 kinds of repeaters, one can 
easily generate an enormous number of distinct vector maps, all equally valid unless 
a basis for preference can be provided. We were gratified, therefore, to find that 
the independently derived analogue map, after slight modification, fitted 60 of the 
67 total occurrences of repeating dipeptides. 

The modified analogue map (Hypothesis 3 of previous paper!) is shown in Table 1. 
Regarded as a working hypothesis of the dipeptide sequence-vector map, the map 
prescribes vectors for 24 repeaters and 47 nonrepeaters, making a total of 71 pre- 
scribed vectors. Vectors for six repeaters remain ambiguous. Vectorially neutral 
dipeptides of the form X.X are temporarily excluded from consideration. 

We have now discovered an analytical procedure that produces a_ highly 
condensed diagrammatic statement of the prescribed vectors. The process of 
condensation forces revision of a few of these vectors and yields predictions of 
many vectors outside the prescribed set. The heuristic power of the analysis 
indicates that it is not merely a mathematical curiosity. In this paper, we in- 
troduce the analysis briefly and thereafter proceed directly to some discoveries en- 
gendered by it. 

Vector Formulas.— Ordinarily, the statement of a single dipeptide sequence vector 
requires three symbols, one for each of the two residues and one for the associated 
vector. A disconnected list of the 71 vectors prescribed by the modified analogue 
map thus requires a total of 213 symbols. A maximally condensed statement of 
these vectors may be imagined as a diagram with the following properties: 

1. The symbol for each kind of amino-acid residue appears only once. 

2. The vector for any pair of residues is specified by the relative position of the 
corresponding residue symbols in the diagram. 

We have found that the 71 vectors, slightly revised, can be given by a diagram 
(vector formula) consisting of the 19 residue symbols in appropriate linear sequence. 
As an example: 


oO ° ° 


° Cc 


ser leu gly cyS asp thr ala met ileu lys x his gluN pro glu tyr phe aspN arg val 


Here, the “phase mark” (°) is used purely for technical convenience to distinguish 
the odd and even sets of residues (‘‘phases’’). The symbol “x’’ denotes an unfilled 


place between two residues in the same phase. 


Two conventional rules suffice for reading vectors from such formulas: 

Rute 1: Uf two residues are in the same phase, their sequence vector points to 
the one of the two that lies to the left of the other in the formula. 

Rule 2: If two residues are in opposite phases, their vector points to the one of 
the two that lies to the right of the other in the formula. 
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The foregoing linear formula, which is one of a set of 19 equivalent cyclic permuta- 
tions, faithfully renders 64 of the 71 prescribed vectors. The remaining seven 
vectors (aspN leu; glu,thr; gluN,val; gly,thr; ileu,val; lys,tyr; prowal) have been 
reversed. The accuracy of the formula can be checked from the set of prescribed 


vectors and the stated revisions; hence, a description of the technique of formula 
construction is omitted in this brief presentation. 


TABLE 1 
Mopir1epD ANALOGUE Map (RIGHT) AND MVF-1 Vector Map (LEFT) 
FOR BEEF PANCREATIC RIBONUCLEASE* 
A . cyS A 84. cyS 
lys | . ke 85. arg 


<i 


glu pro 86. glu 
thr . val 87. ser 
ala 4. aspN 88. thr 
ala 5. thr 89. gly 
ala ). phe 90. ser 
lys . val 91. Lys 
phe . his 92. tyr 
glu 9. glu 93. pro 
arg 50. ser 94. aspN 
ser . leu 95. ala 
thr 2. ala | 96. cyS 
ser 53. asp 97. tyr 
ser . val 98. Lys 
aspN 55. gluN 99. thr 
his . ala 100. thr 
met 7. val 101. aspN 
glu 58. cyS 102. ala 
ala . ser 103. gluN 
ala 50. gluN 104. lys 
ser 1. lys 105. his 
ser 2. aspN 106. ileu 
ser 53. val 107. ileu 
aspN . ala . val 
tyr 5. cyS 109. ala 
eyS YX 3. lys 110. cyS 
aspN | 57. aspN 111. glu 
gluN 8. gly . gly 
met 9. thr . aspN 
met . aspN 114. pro 
lys . gluN 115. tyr 
ser 2. cyS val 
arg 3. tyr 117. pro 
aspN . gluN 118. val 
leu . ser his 
thr . tyr phe 
lys . ser asp 
asp . thr 
arg - met 
cys . ser 
ileu 
thr 
asp 
cyS + 


><} ><—}4>«< — 





> <+ 




















ser 


<—p><—_><+—>« 








* Circles mark occurrences of 6 repeaters whose sequence vector is inconsistently predicted by the modified 
analogue map; arbitrarily assigned vectors would leave only 7 inconsistent dipeptides. For diagrammatic sim- 
plicity, the MVF-1 map is extrapolated across X.X dipeptides unless a vector break is associated. 


Actually, the formula written above goes too far, since the same 71 vectors, with 
the same seven vectors revised, may be rendered by a large variety of linear for- 
mulas, unrelated by cyclic permutation. The entire set of such formulas may be 
represented by a single formula as follows: 
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° 
r-leu— = — ileu -5 glu x phe 


| ° | o | ° ° | ° | ° 

(MVF-1) ser cyS asp thr ala lysx his x aspN x val 
| | ’y Sea oa, 

| arg | 


| 
| | 


| ° 


| 
] 
met} 


| igluN tyr| 
lo | 


| pro | 


This master vector formula, numbered MVF-1 because of its historical priority, 
shows several groups of residues in overlapping configuration, as defined by vertical 
bars. Such configurations mean that the 71 vectors, revised as stated, are in- 
sufficient to define the positions of the residues more precisely. Hence, if two 
residues are shown to overlap, their mutual vector is ambiguous; if they do not 
overlap, their vector is given by the usual rules. 

For example, the vector data fix leu, cyS, asp, and gly between ser and thr as 
follows: 


° ° ° ° ° 
ser leu x thr ser cyS asp thr ser x gly thr 
The data do not suffice to fix leu and gly with respect to each other or to cyS and 
asp, since the needed vectors were not prescribed. These vectors (for the over- 
lapping pairs of residues) remain ambiguous. All other leu and gly vectors, in- 
cluding those for dipeptides not found in ribonuclease, are given by the formula. 

The master formula defines a common core of vectors that each of the alternative 
linear formulas must conserve. This core includes (a) the 71 prescribed vectors, 
revised as stated, (b) five of the six vectors left unspecified by the modified analogue 
map (the exceptional vector is for the pair arg,glu, which overlap in the master 
formula), and (c) many vectors for dipeptides not found in ribonuclease. Given 
the vectors of group (a), those of groups (b) and (c) are forced automatically (pre- 
dicted) by the process of formula construction. The alternative linear formulas 
differ only in the mutual placement of overlapping residues, hence, in the vectors 
assigned to pairs of such residues. Except for the ambiguous vector arg,glu, all of 
the linear formulas derivable from MVF-1 give the same vector map for ribonu- 
clease. 

It is impossible (proof omitted here) to construct a master vector formula without 
revising at least six of the 71 prescribed vectors. Since there is latitude in the 
choice of revisions, no formula can be defended properly without appeal to its 
heuristic power. In the following sections, we examine some consequences of 
MVF-1, the first high-fidelity formula to be constructed. 

Vector Map for Ribonuclease.—The dipeptide sequence-vector map according to 
MVF-1 appears in Table 1. The map differs from the modified analogue map as 
follows: (a) seven of the 71 formerly prescribed vectors have been reversed; 
(b) five of the six formerly ambiguous vectors have been specified; (c) together, 
these changes increase the number of vector breaks from 8 to 34. Three breaks, 
associated with X.X dipeptides at 13-14, 99-100, and 106-107, cannot be located 
more exactly, since these dipeptides are not assigned a vector. 
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TABLE 2 
DisTRIBUTION OF VECTOR BREAKS IN MVF-1 Vector Map 


Potential Observed Expected 

Context breakpoints breaks random) 
IT4 33 16 9.93 
LN4 15 6 1.51 
Other 65 12 19.56 
Total 113 34 34.00 


TABLE 3 
DiPpEPTIDE REPEATERS AND Positions oF THEIR N-TERMINI 
Parallel repeaters Inverted repeaters Inverted repeaters 

ala.cyS 64, 95, 109 ala,asp 52, 121 cyS,tyr 25, 72, 96 

ala.ser 20, 122 ala,gluN 55, 102 gluN,ser 59,74 
aspN.ala 94, 101 ala,val 56, 63, 108 gly,thr 68, 88 
aspN.gluN 27, 70 arg,cyS 39,84 lys,ser 31,90 

cyS.lys 40, 65 arg,glu 9, 85 lys,thr 36, 98 

glu.ser 19, 86 arg,ser 10, 32 lys,tyr 91,97 
gluN.lys 60, 103 aspN, gly 67, 11: pro,tyr 92,114 

lys.aspN 61, 66 aspN,pro =: 93, LI pro,val 42, 116, 117 

ser.aspN 14, 23 aspN,thr 44, 69, 100 ser,thr 12, 77, 87 

val. his 17,118 aspN,val 413, 62 ser,tyr 75, 76 


Distribution of Vector Breaks.—Inspection of the new map shows that 22 of the 
34 breaks are associated (Table 2) with two kinds of tetrapeptides: X...X tetra- 
peptides, called isoterminal tetrapeptides or IT4, totaling nine, and lys...aspN 
tetrapeptides, or LN4, totaling four. Each of these 13 tetrapeptides (termini 
italicized in Table 1) shows at least one vector break. Together, these tetra- 
peptides contain 48 potential breakpoints, i.e., places where a random set of vectors 
might have produced a vector break. The entire chain contains 113 potential 
breakpoints. By the x? test corrected for continuity,* the observed concentration 
of breaks in the combined IT4 and LN4 differs significantly (P < 0.02) from that 
expected for a random distribution. Most of the correlation is furnished by the 
IT4, which outnumber the LN4. Evidence supporting the integration of these 
two structural features is given below. It may be noted here that the LN4 out- 
number any other class of heteroterminal tetrapeptides. 

Association of Inverted Repeaters with IT4 and LN4.—The chain contains 10 
parallel repeaters (see above) with a total of 21 occurrences, 20 inverted repeaters 
with 46 occurrences, and 56 other dipeptides, here called nonrepeaters even though 
they include recurrences of ala.ala and ser.ser. The repeaters, listed in Table 3, 
have been examined previously;! hence, new correlations involving these familiar 
structures have especial cogency. 

Each of the 13 IT4 and LN4 contains at least one occurrence of an inverted 
repeater. None contains an occurrence of a parallel repeater. The total dis- 
tribution (Table 4) shows that the enrichment of inverted repeaters in these con- 
texts occurs mainly at the expense of parallel repeaters. Whether or not the 


TABLE 4 
DipepTipE Composition oF IT4 anp LN4 
Total Found in context Expected (random) 

Class of dipeptide in chain T4 LN4 Su IT4 iN 

Parallel repeater 21 0 +.44 2.05 

Inverted repeater 46 2! 9.72 4.49 
Nonrepeater 56 3 ‘ 11.84 5.46 

All classes 123 12 38 26.00 12.00 38.00 
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occurrences of parallel repeaters and nonrepeaters are pooled, the correlation is 
significant for the combined IT4 and LN4 (P < 0.001) and for the IT4 (P ~ 0.02) 
and LN4 (P ~ 0.02) considered separately. This is the first example of an observa- 
tion engendered by vectorial analysis but assessable without reference to vectors. 

Association of Vector Breaks with Inverted Repeaters.—T he analysis leading to the 
MVF-1 vector map was oblivious to the kinds of repeaters that would ultimately be 
found associated with vector breaks. From the foregoing correlations, however, 
we expect a preferential association of vector breaks with inverted repeaters. 
Analysis (Table 5) indeed shows a significant (P < 0.01) concentration of breaks on 
inverted repeaters at the expense and almost to the exclusion of parallel repeaters. 
At each potential or actual break that could be assigned to a definite residue, the 
two dipeptides overlapping at the break were classified separately, as shown. 
These classes turned out practically identical. The X.Y.X sequences at 11-13, 
75-77, and 116-118 automatically associate a vector break (at Y) with an inverted 
repeater (X,Y); the overall correlation remains significant (P < 0.02) when this 
small influence is eliminated. 

The correlations of Tables 2, 4, and 5 bolster one another by their mutual con- 
sistency. In the present descriptive stage of our analysis, we lay great stress on 
such internal consistency. 


TABLE 5 
N-TERMINAL AND C-TERMINAL DIPEPTIDES AT VECTOR BREAKS 
Total for chain at Found in Expected 


potential breakpoints -MVF-1 vector map - (random) 
Class of dipeptide N-term. C-term. A N-term. C-term. All All 
Parallel repeater 18 1 2 é 10.82 
Inverted repeater 45 45 ¢ 18 19 37 26.32 
Nonrepeater 42 43 f 12 10 2% 24.86 
All classes j 106 21% 31 3] 62.00 


TABLE 6 
NUMERICAL CLUSTERING OF IT4 anp LN4 
Cluster 1 Cluster 2 Cluster 3 Others 
11 14 24 27 
ser. . . Ser aspN...aspN 
31 34 
lys...aspN 
41 4- 54. : 76 
lys...aspN val r' ig yr...tyr 
71 
gluN 
101 
...aspN 
91 114 «(117 
lys...aspN pro... pro 


Coordination of IT4 and LN4.—Residual doubts, if any, of the structural signifi- 
cance of the IT4 and LN4 are dispelled by the remarkably coordinated placement of 
these tetrapeptides. As seen in Table 6, 11 of the 13 tetrapeptides fall into three 
numerical clusters, defined by the digits of the ordinal numbers for the termini. 
Further, the clusters are themselves coordinated by identity of appropriate N- 
terminal and C-terminal digits. By combinatorial analysis, the probability that a 
randomly distributed set of 13 tetrapeptides will exhibit equal or greater numerical 
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coordination is put conservatively at less than 10~*. This estimate stresses the 
digit progression n, n + 3, n + 6, not the particular digits 1, 4,7. The regular 
placement of the IT4 and LN4 means, of course, that the correlated vector breaks 
(Table 2) and inverted-repeater occurrences (Table 4) are also distributed over the 
chain with high regularity. 
Pursuing an obvious implication of Table 6, we look for series of tetrapeptides 
connected by terminal overlap. Easily recognized examples are: 
67 70 73 76 31 34 
aspN...aspN...tyr...tyr lys...aspN } 
71 74 77 98 101 104 
gluN...gluN....ser...ser lys...aspN...lys 


These examples incorporate the two remaining tetrapeptides that seemed un- 
coordinated in Table 6 and introduce the only two occurrences of aspN .. .lys 
tetrapeptides. The latter are not only tied to LN4, but they fall into two of the 


familiar numerical clusters. 

The consolidated results up to this point seem fully to justify the tactic of 
describing the chain in terms of primitive intervals or groups of residues (e.g., 
dipeptides, ]T4, LN4) and their coordination. By easy extension from the present 
base, the analysis quickly leads to a large set of relevant observations. A few are 
illustrated below. 

Coordination of Additional Tetrcpeptides.—The most frequent 1-4 (tetrapeptide 
termini) combination involving either aspN or lys with some other residue is found 
with ala and lys and occurs four times: 


| 1 7 61 64 67 70 95 98 101 104 
lys...ala...lys lys...ala...aspN...aspN ala...lys...aspN...lys 


The structural significance of these ala,lys combinations, suggested by their fre- 
quency, is thus verified (a) by their linkage in 1—4 series either to themselves or to 
familiar tetrapeptides and (b) by the familiar digits associated with three of their 
four occurrences. 

Table 7, which incorporates the vast majority of the 1-4 combinations so far 
discussed, gives unmistakable evidence of periodicity, with periods of 3, 10, and 
perhaps 30 residues. Among the individual residues, those of lysine seem especially 


TABLE 7 


CooRDINATED PLACEMENT OF CERTAIN 1-4 COMBINATIONS* 

1 } : 10 1] 14 17 20 21 24 27 30 
lys...ala...lys...arg ser. ..ser...met ala ser...aspN...aspN met 
3l 34 37 4{) $1 $4 17 50 51 54 57 60 
lys...aspN.. .lys...cyS lys...aspN...val...ser leu... .val...val...gluN 
61 64 67 70 71 74 77~—s 80 81 84 87 8690 
lys...ala...aspN...aspN gluN ...gluN.. .ser.. .ser ileu...cyS. ..ser.. .ser 
9] 94 97 100 101] 104 107 110 111 114 117 120 
lys...aspN tyr...thr aspN lys...ileu...eyS glu...pro...pro...phe 
121. 124 
usp. ..val 

* Residues in roman type are not discussed previously in the text but are added to show the occupants at the 


remaining positions. Six are identical to italicized ones The remainder include two each of tleu and, met, both 
rare in the chain, and three of cyS, which twice stands in 1—4 relation to ileu 
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prominent. The regular distribution of lysine residues, considered in isolation, 
was noted previously by Sorm and Keil.4 


Association of Parallel Repeaters with IT8.—Table 4 showed the preferential 
association of inverted repeaters with IT4 and LN4 and the absence of parallel 
repeaters from these contexts. The question is whether parallel repeaters also 
occur in a recognizable context. An easy search finds 10 of the 21 parallel-repeater 
occurrences at the terminal (1.2 and 7.8) positions of isoterminal octapeptides 
(ITS), of which the chain contains 11. The terminal dipeptides of IT8 include also 
five inverted-repeater occurrences; all of these are directly contained in IT4 or 
LN4 as well or have counterparts in such contexts. The observed association of 
parallel repeaters with ITS (Table 8) is significant (P < 0.01) whether figured over 
the whole chain or only in the regions outside the IT4 and LN4. 


TABLE 8 
TERMINAL DipeptTIwEs oF ITS 
Whole Chain Outside IT4 and LN4 


Total in Terminal in IT8 Total in Terminal in IT8 
Class of dipeptide chain Found Expected chain Found Expected 
Parallel repeater 21 10 3.756 , 10 t. 447 
Inverted repeater 46 8.228 7 3 +. 447 
Nonrepeater 56 10.016 : 5 9.106 
All classes 123 22 22.00 5 18 18.00 


The IT8 and the combined IT4 and LN4 provide two sets of contrasting and 
differential, not necessarily rigidly exclusive, contexts for parallel and inverted 
repeaters. Direct coordination of the two sets is easy to show, since six of the 
eleven ITS overlap terminally with IT4 or LN4 (IT8 termini italicized) : 


1] 2 77 80 87 90 


ser... ser ser ser... ser .ser...Ser 

24 2 ¢ : 98 101 

aspN.. fo. lys...aspN....lys...aspN 

17 54 

VG... ....0al 
Five of these IT8 occur in Table 7, where it appears that they are exactly the kind 
of structural feature needed to rationalize the superposed periods of 3 and 10 
residues. The remaining IT8 are coordinated among themselves by terminal 
overlap and digit identity: 


2 9 58 0 95 102 109 
glu... glu ‘ys wS...... 298 ala ala ala 


The combined evidence clearly shows that the IT8 are not haphazard features. 
Discussion and Summary.—The successful differentiation of parallel and in- 
verted repeaters according to their contextual associations (Tables 4, 8) validates 
the first step of vectorial analysis, namely, the process of recording the mutual order 
(“‘same”’ or “‘opposite’’) of two residues in recurring dipeptide combinations. The 
second step, assignment of particular sequence vectors, is validated for the time 


being by the nonrandom distribution of vector breaks (Tables 2, 5) in the inde- 
fo] a 
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pendently derived MVF-1 vector map (Table 1). These and other observations 
establish the structural significance (versus happenstance) of certain primitive 
intervals or groups of residues (e.g., dipeptides, IT4, IT8, LN4) and of higher 
coordinations (recurrence, sequential isomerism, contextual associations, perio- 


dicity). 
The unexpected precision of certain coordinations encourages redirection of the 


analysis away from merely confirmatory signs of order and makeshift rationalization 
toward a theory both quantitative and testable. The nucleus of a likely theory is 
suggested by the periodicity exhibited most strikingly in Table 7. When it is re- 
called that a large part of the chain, in Scheraga’s recent model,’ is folded into an 
a-helix, it becomes quickly apparent that the smallest period of 3 residues coincides 
with a period of the helix. In the Pauling-Corey a-helix,® each bagkbone amide 
group is hydrogen-bonded to the third amide group beyond it in either direction 
along the chain. Hence, there are three intercurrent series of hydrogen-bonded 
amides, related as 1-4—7-10-, 2-5-8-11-, 3-6-9-12-. Evidently, these relations 
describe also the residues that stand on a given side (N-terminal or C-terminal) of 
the peptide bonds. An occasional, but fairly regular, 1-2 slip or 1-5 skip from one 
of the intercurrent series to the next could produce a 10-residue period, like that 
seen in Table 7; alternatively or simultaneously, one might appeal to the period of 
10 nucleotide pairs per helical turn of Watson-Crick DNA (B configuration) ,’ 
the presumed genetic determinant of the protein. The largest period of 30 residues, 
being the least common multiple of 3 and 10, could arise by reinforcement at the 
intersection of the smaller periods. 

A few years ago, Sorm and Keil,* who with Schwartz’ were the first to report 
regularities in the ribonuclease sequence, noted that the folding of the a-helix was 
capable of bringing the lysine residues more or less into a line parallel to the helix 
axis. In a paper appearing after the present analysis was complete, Morgan? 
reported a significant neighbor correlation between residues, considered in pairs, 
that lie three or four apart and are brought into physical proximity by the folding. 
Morgan’s analysis supports our primitive 1—4 interval, as well as the speculated 1-5 
skip, but does not directly demonstrate a propagated series of such intervals. 

It remains to be seen whether the foregoing structural notions can be worked 
into an adequate theory of the sequence. The beauty—and the defect—of the a- 
helix lies in its neglect of the biochemical individuality of the residues. Given a 
denuded and periodic backbone, what particulars about the residues must be 
added back to explain the biochemical periodicity? 


The author is immensely indebted to many individuals, especially to Drs. L. Chiaraviglio, M. 
Delbriick, J. M. Reiner, R. Shapira, and E. L. Tatum, for helpful discussions and criticisms. 


* This investigation was supported in part by grant E-857 from the National Institute of 
Allergy and Infectious Diseases, U.S. Public Health Service. 
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STEROID HORMONE ACTIVATION OF L-ALANINE OXIDATION 
CATALYZED BY A SUBUNIT OF CRYSTALLINE GLUTAMIC 
DEHYDROGENASE 


By Gorpon M. Tomxrns, K. LEMONE YIELDING, AND JEAN CURRAN* 
NATIONAL INSTITUTE OF ARTHRITIS AND METABOLIC DISEASES 
Communicated by Herman M. Kalckar, January 10, 1961 


Glutamic dehydrogenase, obtained in crystalline form by Olson and Anfinsen! 
and Strecker? from beef liver, has a molecular weight of 1,000,000. Sedimentation 
data! suggested the possibility that on dilution the molecule disaggregated. Frie- 
den* * later made the interesting observations that the enzyme dissociates into 
four subunits (of molecular weight 250,000) in the presence of a number of com- 
pounds, including high concentrations of DPNH, which also inhibit the enzymic 
conversion of glutamate to a-ketoglutarate. The adenosine nucleotides, AMP 
and ADP, prevent this disaggregation and overcome the DPNH inhibition. On 
this basis, Frieden*: * proposed a model in which the tetramer is enzymically active 
while the subunits are inactive in catalyzing the glutamic dehydrogenase reaction. 

During a study of the inhibition of this enzyme by various steroid hormones,® 
we found that these compounds also promoted disaggregation of the macromolecule 
into subunits® and that ADP can, again, prevent both inhibition of the reaction and 
dissociation of the enzyme. 

Struck and Sizer’ had shown that, in addition to glutamate, a number of mono- 
‘arboxylic L-amino acids would serve as substrates for crystalline glutamic de- 
hydrogenase, although at considerably slower rates. In the present work, we 
have studied the reversible oxidative deamination of L-alanine to form pyruvate: 

-alanine + D(T)PN + H.O = pyruvate + NH,*+ + D(T)PNH 
catalyzed by the crystalline enzyme. The effects of steroids and ADP on this 
reaction turned out to be the converse of those observed with glutamate oxidation. 
That is, diethylstilbestrol (DES) and estradiol accelerate the interconversion of 
pyruvate and L-alanine, while ADP inhibits it. Furthermore, it appears generally 
true that conditions which promote enzyme dissociation (thereby interfering with 
the glutamate reaction) favor alanine dehydrogenation. In contrast, alanine 
dehydrogenase is inhibited, and glutamate oxidation stimulated, under circum- 
stances where the enzyme is associated. 

We were thus led to the conclusion that the dissociated enzyme catalyzes the 


alanine dehydrogenase reaction, while, as previously established, the tetramer is 


active as glutamic dehydrogenase. 
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Materials and Methods. 


DES, and nucleotides were obtained from the Sigma Chemical Company. 


purchased from the Pabst Laboratories. 
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Crystalline beef liver glutamic dehydrogenase, steroid hormones, 


DPN analogs were 


Millimolar extinction coefficients for the pyridine nucleotides and their analogs® are as follows: 


DPN, TPN, and deamino* DPN, 6.22 : 


it 340 mu; 


thionicotinamide* DPN, 11.3 at 395 my; 


acetyl pyridine* DPN, 9.1 at 363 my; 3-pyridine aldehyde* DPN; 9.3 at 359 my. 
Spectrophotometric assays for the glutamic and alanine dehydrogenase reactions were carried 


out at room temperature in quartz cuvettes with a 1.0 em light path. 


Initial rates for amino acid 


oxidation were calculated from the change in optical density of the pyridine nucleotides, at 340 


my, between 15 and 30 seconds. 


way, although this reaction was linear for at least several minutes. 


The rate of keto acid reduction was determined in the same 


Sedimentation studies were 


performed in the Spinco Model E analytical ultracentrifuge under the conditions described in a 


previous communication.® 


In experiments where steroid hormones were used, they were added 


as solutions in ethanol and control rates were obtained with the solvent alone. 


Results. 


catalyzed by the same protein: 


Evidence that the alanine and glutamic dehydrogenase reactions are 
Struck and Sizer,’ in studying the oxidation of 


L-leucine by crystalline glutamic dehydrogenase, performed several types of ex- 
periments to demonstrate that both glutamate and leucine were attacked by the 


With respect to 
electrophoresis, 


same protein. 
paper curtain 
heat inactivation, and differential 
centrifugation, both activities re- 
sponded identicaily. Leucine was 
oxidized at 1.7 per cent of the 
glutamate. On _ these 
alone, it seemed likely 


rate of 
grounds 
that the alanine and glutamic 
dehydrogenase activities are also 
‘atalyzed by the same protein. 
Since Struck and Sizer’? examined 
only leucine oxidation in detail, it 
was important to establish this 
point more definitely. They did 
state that L-alanine was oxidized 
at 0.27 per cent of the rate of 
glutamate. 

The enzyme used in our studies 
was recrystallized several times 
and found to be homogeneous in 
the ultracentrifuge. l'urther- 
more, when the protein was chro- 
matographed on DEAE cellulose 
(ig. 1), protein concentration 
and enzyme activities for both re- 
actions followed each other very 
closely.° The absence of contam- 
inating protein in the enzyme 


preparations was also indicated 
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Fic. 1.—Chromatography of glutamic dehydrogen- 
ase. 10 mg. of enzyme were dissolved in 10 ml of 0.05 
M Tris buffer pH 7.4 containing 1 X 10-4 M EDTA 
and applied to a 1 X 9 em column of diethylamino- 
ethyl cellulose. The column was washed with 50 col- 
umn volumes of Tris-EDTA before linear gradient elu- 
tion was begun. The reservoir contained 20 ml of a 
solution 0.5 M in KCl, 1 X 10-4 M in EDTA and buf- 
fered at pH 7.4 with 0.05 M Tris HCl. The mixing flask 
contained 20 ml of 0.05 M Tris buffer with 1 X 1074 
M EDTA. The flow rate was adjusted to 1 ml/min. 

Pyruvate reduction was assayed in a volume of 1.0 
ml containing the following components: sodium pyru- 
vate, 0.01 M; ammonium chloride, 0.1 4; DPNH, 1.4 
xX 10-4 M; and 0.05 M Tris buffer. The reaction was 
run at pH 8.4 and either column effluent or Tris buffer 
were added to complete the mixture. The a ketoglut- 
arate reaction mixture was similar except that it was 
run at pH 8.0. 

Pyruvate reduction (Curve B) is expressed as A 
O.D.349/min/ml of effluent. a Ketoglutarate reduction 
(Curve C) as A O.D.240/min/ul of effluent. Curve A 
shows the protein concentration by indicating O.D.275. 
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by the fact that the specific activity for the glutamate reaction did not vary 
significantly from fraction to fraction. The data showed that, under the present 
conditions, pyruvate was reduced 0.5 per cent as rapidly as a-ketoglutarate. 

As another test for the identity of alanine and glutamic dehydrogenase, the 
enzyme crystals were centrifuged and dissolved in 0.05M Tris buffer, pH 8.0 con- 
taining 1 X 10-4M EDTA, so that the protein concentration was 4.0 mg/ml. 
The enzyme was fractionated with absolute ethanol at —5°. The ratio of alanine 
to glutamic — nase did not vary significantly in each of the four fractions 
obtained (Table 1 


TABLE 1 
ALCOHOL FRACTIONATION OF GLUTAMIC ACID AND ALANINE DEHYDROGENASE 


Ratio: 

A O.D.s40/min/ml enz glutamate oxidation 

Fraction Glutamate Pyruvate pyruvate reduction 
( —— al 264 5.44 48.6 
Ppt. 0-20% 122 2.79 43.7 
Ppt. 20 30% ethanol 34.5 0.69 50.0 
Supernatant 20-30% ethanol 122 2.5 48.8 
The fractions were redissolved in 0.05 M Tris buffer pH 8 containing 1 X 10-4 M EDTA. Gluta- 
mate oxidation was me we with the following reaction mixture: glutamate 0.05 M, DPN 
1 X 10-4 M, and 0.0% Tris buffer, pH 8, with 1 X 10-4 M EDTA, in a volume of 1.0 ml. 


Pyruvate reduction was =i so measured in a 1.0 ml volume containing 0.025 M Tris buffer pH 
8.6,1 X 10-4 M EDT A, 0.05 M pyruvate 1 X 10-4 M DPNH, and 0.1 M NH,CIl. 


TABLE 2 
INACTIVATION OF ALANINE AND GLUTAMIC DEHYDROGENASES BY HEAT 
Per Cent of Original Activity . 
Time (minutes) a- betonlans arate Pyruvate 
0 100 100 
10 78 83. 
20 62 57 
30 17. 51 
40 34. ¢ 36. 
50 20 22 
60 3 3. 
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4 solution of enzyme in 0.05 M Tris buffer pH 7.2 with a protein concentration 
of 4.0 mg/ml was heated at 48° for the times indicated. Pyruvate reduction was 
assayed as described in Figure 2 except the pH was 8.4 and ethanol and DES 
were omitted. a-Ketoglutarate reduction was assayed in a 1.0 ml mixture con- 
taining Tris buffer, pH 8, 0.025 M, EDTA, 1 XK 1074 M, NH,Cl, 0.1 M, a-keto- 
glutarate, 0.02 M. Appropriate enzyme dilutions were used so that the A O.D. 2s 
remained about 0.200/min for each substrate. 


In heat inactivation experiments, carried out at 48°, both activities declined at 
exactly the same rate so that the ratio of one activity to the other was constant 
at the intervals examined (Table 2). 

On the basis of all these criteria, it was concluded that both the alanine and 
glutamic dehydrogenase reactions were catalyzed by the same protein molecule. 

Characteristics of the alanine dehydrogenase reaction: When L-alanine was in- 
cubated with the beef liver enzyme, and DPN (or TPN), there was prompt re- 
duction of the pyridine nucleotide. By contrast, D-alanine was not oxidized. 
The product of L-alanine oxidation was pyruvic acid as shown by the rapid fall in 
optical density, at 340 my, which occurred on addition of crystalline lactic de- 
hydrogenase to the reaction mixture. Mcreover, pyruvic acid caused the oxida- 
tion of either DPNH or TPNH, catalyzed by glutamic dehydrogenase, only in the 


presence of ammonia. Therefore, the alanine-pyruvate interconversion is analo- 


gous to the glutamate a-ketoglutarate reaction. 
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There was a linear dependence of the rate of both pyruvate amination and 
-alanine oxidation on protein concentration over the range used in the kinetic 


experiments. 
TABLE 3 
KINETIC CONSTANTS FOR THE ALANINE AND GLUTAMIC DEHYDROGENASE REACTIONS 
Alanine Glutamate 

Compound dehydrogenase Km (M) dehydrogenase (10) 
Alanine 3.6 X 107? - 
Pyruvate 3.3 X 1073 
Glutamate - 1 .1.3¢ 16°* 
a-ketoglutarate 0.7 X 10-3 
DPN 3.6.x 10-* 1.01 < 10-* 
ore 6.6 X 1074 5.7 X 10-5 
DPNH 8.4 X 10-* 9.6 X 10~° 
NH! 0.125 0.056 

Alanine oxidation was measured in a volume of 1.0 ml containing 1.0 mg of enzyme and buf- 
fered with Tris EDTA, 0.025 M, pH 8.4. The reactants were varied to obtain the appropriate 
data. When fixed, the alanine concentration was 2.5 X 10-2 M and DPN was 2.8 X 10-4 M 
Pyruvate reduction was assayed at pH 8.0, as described in Figure 2 except for variation in 
reactant concentration necessary to compute the constants, and ethanol and DES were omitted. 


Table 3 gives kinetic constants for the participants in the pyruvate-alanine 
reaction which were obtained by conventional reciprocal plots (10) of reaction rate 
as a function of substrate concentration. The data depicted in this way were 
linear over the concentration ranges examined except for the case of the oxidized 
pyridine nucleotides, which showed substrate inhibition at higher concentrations 
(see below). For comparison, the data of Olson and Anfinsen for the glutamate 


reaction are also shown. !! 
Evidence that the subunit catalyzes the alanine dehydrogenase reaction: DES is 
a powerful inhibitor of the glutamic dehydrogenase reactions® as a result of its 


ability to promote the disaggregation of the 
protein molecule into four enzymically in- 
active subunits. Figure 2 shows that. in- 
creasing the concentration of DES stimulates 


a 
° 


the rate of the reductive amination of pyru- 
vate catalyzed by this enzyme so that at 4 
x 10°°M, the hormone analog produces : 
doubling of the rate. DES stimulates ala- 
nine oxidation as well. ‘Estradiol and pro- 


w ’ 
° ° 
+s 


40.0. 549 mu/MINUTE x 10° 
Nn 


gesterone, which can also promote the dis- 
sociation of the enzyme,® likewise stimulate 
alanine dehydrogenase, but cortisone, which 
is not effective in dissociating the enzyme, ' 7a : 4 Ten ae 
does not stimulate the alanine reaction. DIETHYLSTILBESTROL M x 108 


cbeneee, ae anaiity - the steroids to Fic. 2.—Influence of diethylstilbestrol 
produce protein disaggregation is correlated on pyruvate reduction. The reaction mix- 
i < ae . ture contained 0.05 M sodium pyruvate, 
both with the ir capacity to enhance the in- 9, M NHI, 5 X 10-* M DPNH, 0.025 
terconversion of alanine and pyruvate or M Tris buffer pH 8.0, and 1 X 10-* M 
+p . PEE ee Cane Ce eee EDTA, in a volume of 1.0 ml. Enzyme 
inhibit the glutamate reaction. Phe se ob- concentration was 0.2 mg/ml, _DES was 
servations suggest that the alanine re- added in ethanol solution and the final 
: ; , . ‘once! the yas Maintaine 
action is catalyzed, primarily, by the = ae of ethanol was maintained 
. . . . - . : O- 
maximally dissociated form of the enzyme, 


while the tetramer is much less active in this regard. 
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To examine this possibility further, we studied the effect of ADP, which, Frieden 
showed,‘ stimulates glutamic dehydrogenase by favoring aggregation of the protein. 
Enzyme dissociation and the consequent inhibition of the reaction by either DPNH*‘ 
or steroid® ® are also prevented by ADP. We would predict, therefore, that the 
alanine dehydrogenase reaction should be inhibited by ADP and that this inhibi- 
tion ought to be reversed by steroids. The data confirming this prediction are 
shown in Figures 3 and 4. Figure 3 shows that ADP is a very effective inhibitor 
of alanine dehydrogenase, causing 72 per cent inhibition at 2.5 K 10-4M. Figure 
4 shows that DES can overcome the inhibition produced by 10-*M ADP. The 
data are, therefore, consistent with the hypothesis that the glutamic dehydrogenase 
subunit catalyzes the alanine reaction. The fact that high concentrations of ADP 
do not completely inhibit the reaction indicates that the associated enzyme probably 
has some alanine dehydrogenase 





] I lcs : 
activity as well. Olson and Anfinsen! 


first observed that DPN, at high 
concentrations, enhanced the oxida- 
tion of glutamate, and Frieden® in- 
terpreted these findings in terms of 
the ability of DPN to promote ag- 
gregation. It might be expected, 
therefore, that DPN at high con- 
centrations would inhibit the alanine 
dehydrogenase reaction. That this 
is the case is shown in Figure 5. 


a 
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A 0.0.349 my/MINUTE X 10° 
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m ieee Oe | Likewise, TPN, which can also pro- 
12) 


. 10 15 20 ; ia face 
App mx 10° duce enzyme aggregation, inhibits 

Fic. 3.—Effect of ADP on pyruvate reduction. ther COR AK higher concentrations. 
Reaction conditions were the same as in Figure 2 Additional experiments also 
except for the absence of DES and ethanol and the pointed to the conclusion that the 
addition, as noted, of ADP. a ‘ 
subunit is the active alanine dehy- 
T drogenase. Frieden‘ observed that 
ATP enhanced the ability of DPNH 
to split the enzyme, thereby inhibit- 
ing the glutamic dehydrogenase re- 
action. We have, accordingly, 
found the converse to hold for 
alanine dehydrogenase; namely, in 
the presence of DPNH, ATP stimu- 
lates the alanine reaction (Table 4). 
It was found‘ that ATP did not 
affect the glutamate reaction when 
| | l L l TPNH, in the same concentration 
: ” . ° “ as DPNH, was used, and, as ex- 
DIETHYLSTILBESTROL M X 10° pected, ATP does not enhance the 
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Fic. 4.—Reversal of ADP inhibition of pyruvate Tate of the alanine reaction when 
reduction by diethylstilbestrol. Reaction conditions — pyn with TPNH? (Table 4). 
as in Figure 2 except ADP, 10~* M was present in all : : 
mixtures. 1,10-phenanthroline, which has 





Vou. 47, 1961 BIOCHEMISTRY: TOMKINS ET AL. 





been used‘ to dissociate glutamic dehydro- 
genase and which, accordingly, inhibited the 
glutamate reaction, should, therefore, stimu- 
late alanine dehydrogenase. Table 5 shows 
that, at relatively low concentrations, phen- 
anthroline is an effective activator of the 
initial rate of the alanine reaction, provided 
the enzyme is not preincubated with it. 

The effect of pH on the alanine dehydro- 
genase reaction was studied. The pH opti- 


4 0.0.349 my/MINUTE X 103 


mum for the amination of pyruvate was 
about 8.7, about 1 pH unit above that re- 
ported for the reduction of a-ketogluta- DPN M x 104 


Rin 


ee eee ‘ aa ¢ ; oP : a as : . - 
rate. Alanine oxidation also has a higher Fic. 5.—Effect of DPN on L-alanine 
pH optimum than that of glutamate. Al- oxidation. The reaction mixture con- 
} i saci mealies tik ies tlle ol eel tained: Tris buffer 0.025 M, pH 8.4; 
though an analysis ol the eifect of ¢ anes L-alanine, 0.025 M: EDTA, 1 xX 1074 
pH on the velocity of enzymic reactions is 4; enzyme, as noted in previous figures, 
: ; ce . and DPN indicated above. 

complicated, it seemed worth while to in- 
vestigate the effect of pH on the sedimentation characteristics of the pro- 
tein. Figure 6 shows the behavior of the enzyme in the ultracentrifuge at pH 
8 and 9. It can be seen that at the higher value there was a tendency for the 


TABLE 4 
Errect or ATP on Pyruvate REDUCTION 
Reduced Pyridine Nucleotide ATP A O.D.240/min 


" , 0 0.248 
> 9X H - 
DPNH (2 X 107 M) 5X 10-*M 0.428 
ee - 0 0.192 

» 9 | = 
TPNH (2 x 10~ 5 xX 1074 0.192 

The reactions were carried out, with additions noted, at pH 8.4, as described in Figure 2 
and in the absence of DES and ethanol 


TABLE 5 
Errect OF 1,10 PHENANTHROLINE ON REDUCTIVE AMINATION OF PYRUVATE 
Additive A O.D.s40/min X 10 
0 61.5 
1,10 phenanthroline 5 & 107% M 125.8 
) 


Experiments were carried out as in Figure 2. Phenanthroline was dissolved in 
ethanol and the final concentration of ethanol was 1.0%. 


enzyme to disaggregate. Although this finding may not account for the effect of 
alterations in hydrogen ion concentration on kinetic properties, it is consistent 


with the other evidence which suggests that the state of aggregation of the molecule 
determines whether it functions as glutamic or alanine dehydrogenase 

Table 6 summarizes the effects of various experimental conditions on the state 
of aggregation of the glutamic dehydrogenase molecule and its catalytic behavior 
as either glutamic or alanine dehydrogenase. 

A question of some importance is whether the monomer has some residual glu- 
tamic dehydrogenase activity. When the effect of DES on the glutamate reac- 
tion was examined closely, it was found that a maximum of 98-99% inhibition can 
be obtained. On this basis, it seems that the monomer subunit has about 1 per 
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cent of the activity of the tetramer in 
vatalyzing the interconversion of glu- 
tamate and a-ketoglutarate. 
Comparison of active sites of glutamic 
and alanine dehydrogenase: Because 
the substrate specificity of the enzyme 
depends on its state of aggregation, it 
is of interest to determine whether the 
glutamate and alanine sites are the 
same. It is possible that disaggrega- 
tion either alters glutamate sites or 





opens up new centers for alanine. 
Alanine does not inhibit glutamate 
oxidation. Pyruvate, although some- 
what inhibitory for both glutamate 
oxidation and a-ketoglutarate reduc- 
tion, is not competitive with these sub- 
strates. D-glutamate, which strongly 
inhibits L-glutamate oxidation, ca- 
talyzed by both the tetramer and the 
monomer, does not affect L-alanine oxi- 


dation. It thus appears that the glu- 
i. } ).—Se i > € } £ ie shy = ° ° «ee 
Fia. 6.—Sedimentation of glut umic dehydro- — tamate and alanine sites are different. 
genase. The upper diagram was run at pH 9.0 a3 i ; 
and the lower at pH 8.0. lhe glutamic and alanine dehydro- 


genase reactions were also examined 


with several pyridine nucleotide analogs (Table 7). There is a striking difference 


between the two enzyme activities with respect to these compounds. The values 


TABLE 6 
CORRELATION OF THE STATE OF AGGREGATION OF CRYSTALLINE GLUTAMIC DEHYDROGENASE AND 
Its CATALYTIC PROPERTIES 
Protein Glutamic Alanine 
Experiment structure dehydrogenase dehydrogenase 

Estrogenic steroids Dissociate Inhibit Activate 
ADP Associates Activates Inhibits 
DPN Associates Activates Inhibits 
TPN Associates Activates Inhibits 
ATP + DPNH Dissociates Inhibits Activates 
1,10 phenanthroline Dissociates Inhibits Activates 
pH 9 Dissociates Inhibits Activates 


TABLE 7 


COMPARISON OF GLUTAMATE AND ALANINE DEHYDROGENASE ACTIVITIES WITH DPN 
ANALOGS 
Reaction 

Pyridine nucleotide Glutamate Alanine 

DPN 1 l 
TPN 0.1 0.58 
Deamino DPN 0.37 0.68 
Acetyl pyridine DPN 0.93 0.20 
Pyridine-3-aldehyde DPN 1.50 0.29 
Thionicotinamide DPN 0.45 1.90 
Alanine oxidation was measured as described in Table 3. DPN and analogs were 1.4 X 


10° M. Glutamate oxidation was measured in 1.0 ml buffer at pH 8.0 with 0.025 M 
Tris-EDTA, containing glutamate 0.025 M, 5 ug of protein, and DPN or analogs as above. 
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in the table are corrected for the differences in extinction coefficients between the 
analogs and differences in the turnover numbers of the alanine and glutamic de- 
hydrogenase activities so that the rate of amino acid oxidation with DPN is desig- 
nated as 1. TPN, while less active than DPN in both cases, is much closer to the 
DPN rate with alanine. The same is true for deamino DPN. The acety! pyridine 
and pyridine-3-aldehyde analogs are much less active than DPN with alanine but 
equal to or better than DPN with glutamate. The thionicotinamide analog is 
almost twice as active as DPN with alanine but only half as active with glutamate. 
These results suggest that the active sites for the pyridine nucleotides of glutamic 
and alanine dehydrogenase are also in some way different. 

Discussion.—The data in this paper allow us to conclude that the L-alanine and 
L-glutamie acid dehydrogenase reactions are catalyzed by different forms of the 
same protein molecule. 

This conclusion is based on the fact that procedures which promote the disaggre- 
gation of the enzyme invariably result in loss of glutamic dehydrogenase and con- 
comitant increase in alanine dehydrogenase activity. Presumably, the most 
active form of alanine dehydrogenase is the subunit of molecular weight 250,000, 
although there is evidence that the associated molecule also has some activity of 
this kind. It should also be mentioned that the subunit, although much less active 
than the tetramer as glutamic dehydrogenase, appears to have some residual 
glutamate activity. 

The existence of enzymically active dimers and trimers as intermediates in the 
degradation of the tetramer cannot be excluded in this scheme. However, our 
finding that maximum dissociation of the enzyme favored maximum activity 


toward alanine suggests that the smallest subunit is the most active alanine de- 


hydrogenase. 

Although single enzymes capable of catalyzing several types of reactions (glycer- 
aldehyde-3-phosphate dehydrogenase for example'*) have been reported, the present 
case is somewhat different because the state of aggregation of the enzyme deter- 
mines its substrate specificity. Since steroids regulate this aggregation, this system 
may provide a mechanism for hormonal control of metabolic processes. In essence, 
low concentrations of some hormones convert glutamic dehydrogenase to alanine 
dehydrogenase. This molecular alteration might produce changes in amino acid 
or protein metabolism. Since many other enzymes have been shown to consist 
of subunits, it seems quite likely that other examples of this phenomenon will be 
discovered. 

The present findings also provide a basis for speculations on how new biochemical 
characteristics might evolve, since a mutation could allow subunits with one func- 
tion to polymerize and produce a qualitatively different molecule. 

Summary.—The ability of crystalline glutamic dehydrogenase of beef liver to 
catalyze the reversible oxidative deamination of L-alanine has been studied. 

Certain steroid hormones and diethylstilbestrol, 1,10-phenanthroline, and high 
pH, all of vhich promote disaggregation of the protein into subunits, stimulate 
the alanine and inhibit the glutamic dehydrogenase reactions. 

ADP, DPN, and TPN, which cause association of the enzyme, inhibit alanine 
and stimulate glutamic dehydrogenase. 

It appears that the associated form of the enzyme (molecular weight 1,000,000) 
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is principally concerned with the glutamic dehydrogenase reaction. A subunit 
catalyzes primarily the alanine-pyruvate interconversion. 

Some characteristics of the alanine dehydrogenase reaction were studied. 

These findings suggest a means by which steroid hormones by changing the 


physical properties of an enzyme can alter both its kinetic properties and its sub- 


strate specificity. 

*National Institute of Arthritis and Metabolic Diseases, National Institutes of Health, U. 
Public Health Service, Bethesda, Maryland. 
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2 Strecker, H. J., Arch. Biochem. Biophys., 46, 126 (1953). 
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» Yielding, K. L., G. M. Tomkins, J. 8. Munday, and J. Curran, Biochem. Biophys. Res. Comm. 
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INHIBITION OF VIRAL RNA SYNTHESIS BY 
PARAFLUOROPHENYLALANINE* 


By EBERHARD WECKER AND EDGAR SCHONNE 
THE WISTAR INSTITUTE OF ANATOMY AND BIOLOGY 
Communicated by Warren H. Lewis, January 6, 1961 


Protein synthesis is required to initiate the synthesis of deoxyribonucleic acid 
(DNA) of bacteriophages in infected host cells, but not to continue it.!~> The 
demonstration of phage specific DNA in these experiments was facilitated by the 
fact that the DNA of T-even bacteriophages is characterized by the presence of 
5-hydroxymethyleytosine (HMC) in place of cytosine.® 

In order to study the possible relationship between protein synthesis and the 
formation of viral ribonucleic acid (RNA) in infected animal cells, it is essential to 
identify the synthesized viral RNA. At present, there are no chemical markers 
available like HMC in phage DNA; however, the isolation of viral RNA in an 
infectious form makes it possible to characterize this material by means of its 
biological activity, which implies specific chemical and physical properties as well 
(cf. ref. 8). 

An infectious RNA preparation can be obtained from tissue culture cells of 
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chicken embryo fibroblast infected with Western Equine Encephalomyelitis (WEE) 


virus using the phenol extraction procedure.7~° 

The first point of interest was to discover if the formation of infectious RNA 
and the completion of new virus particles were simultaneous events or whether the 
RNA synthesis preceded the virus 
formation by any significant 
period of time. Advantage was 
taken of the fact that it is possi- 
ble to specifically extract the new 
RNA before it is incorporated 


into virus particles, thus exclud- 
0, 11 








ing the mature virus entirely.! 
As shown in Figure 1, the newly 
synthesized RNA becomes appar- 
ent as early as | hour before virus 


Log. PFU/ml. 


production begins. This obser- 
vation enabled us to study the 
synthesis of viral RNA per se, and 
to investigate the possible influ- 


ence of amino acid analogs as in- ; 
3 
Hours p.i. 





hibitors of protein synthesis. 
Since __ parafluorophenylalanine 
(FPA) is known to inhibit the 
production of active enzymes in 


Fic. 1.—Multiplication of WEE virus and 
infected cells 


bacteria®?: |? as well as that of 





certain animal viruses (cf. ref. 14) 
this amino acid analog was 


4 
° 


chosen. 

When 600 y/ml of DL-FPA 
were added prior to or at the time 
of infection with WEE, no dem- 
onstrable amount of viral RNA 


Le pfu/mi 


was synthesized by the cells. 
*—— Control 


Such a result could be inter- 
X-----% FPA 


preted in various ways. It was 
possible that FPA had inter- 
fered with the initiation of infec- 
tion by the virus; yet, as shown 
in Figure 2, WEE eclipses equally 


uo 
°o 


Cell associated virus log 











well both in the presence and the _ 2 = Sranee ererwires 


absence of the inhibitor An- Pic, tallies: ol Wee aes et eee a 
other simple explanation would absence of FPA, 

be that FPA exercises a general 

and severe toxic effect on the cells, preventing among many other things, the synthe- 
sis of viral RNA. By demonstrating that the FPA inhibition is reversible by the 
amino acid phenylalanine (PA) it was shown that this is not the case. Ina typical 
experiment, after 5 hours of incubation of the infected cells in the presence of FPA, 
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the titer of cell-associated virus was 2.5 K 10° pfu/ml. An aliquot of these cells was 
subsequently incubated for an additional 5 hours in a medium containing PA. The 
titer of cell-associated virus in this case of reversed inhibition rose to 7.5 X 107 pfu 
ml. In another experiment, cells were kept for as long as 15 hours under constant in- 
hibition by FPA. When FPA was replaced by PA, the cells began synthesizing 
a demonstrable amount of infectious viral RNA during the subsequent 5 hours of 
incubation. In other words, the effect of FPA on the formation of infectious viral 
RNA was due neither to an interference with the initiation of infection nor to 
generalized oxic effect on the cells. 

The most straightforward explanations of the manner in which FPA acts upon 
the system are, therefore, unlikely. It is thus possible that FPA specifically 
inhibits the formation of enzymes which may be essential for viral RNA synthesis. 
In the case of T-even phages, new enzymes must indeed be formed by the infected 
bacteria before the phage-DNA can be produced. If the formation of enzymes 
is inhibited (e.g., by methyltryptophane) no new phage-DNA can be made." 
Once the enzymes are present, however, the amino acid analog no longer has any 
influence upon the subsequent synthesis of phage-DNA. 

If viral RNA synthesis and 
that of bacteriophage DNA 
were really parallel, FPA 
would very likely be unable to 
inhibit the further production 
of RNA once it had begun. 
However, as shown in Figure 
* Inhibited 3, FPA can interrupt the 
already initiated RNA synthe- 
sis. Since these results are op- 
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posed to those obtained with 


4 ° . . 
4 5 Hours phages it may indicate that 
enzymes of the type discussed 





Fig. 3.—Inhibition of viral RNA synthesis by FPA. ‘ : 
are not present in our virus 


cell system. 

It might also be noted from Figure 3 that FPA added after the onset of viral 
RNA formation brings the further production of RNA to a complete stop. This 
observation seems incompatible with the theory that another type of enzyme may 
be needed at any time while the viral RNA is being synthesized. In view of the 
exponential multiplication of viral RNA, such an enzyme should itself be synthe- 
sized at least at the same rate. Even after the complete inhibition of its continued 
synthesis by means of FPA, the formation of RNA would still proceed at a linear 
rate according to the amount of enzyme present at the time of inhibition. 

It. does appear, therefore, that no new enzymes are necessary for the formation 
of WEE-RNA in infected cells. The normal cellular set of enzymes seems to be 
fully adequate for synthesizing a new type of RNA; namely, a viral RNA. 

As a result of this conclusion, the inhibitory effect of FPA on viral RNA syn- 
thesis must be explained in a different way. 

It, is suggested that the synthesis of viral RNA and of protein are intimately 
related and actually dependent upon each other. If this were the case, an in- 
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hibitory action of F PA upon 
protein synthesis would be | © Contro| 
reflected directly on viral Pk 
RNA synthesis. 

It became desirable, ee aaéinn 
therefore, to investigate the ue 
effect of FPA upon protein * —_ . 
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synthesis. The amount of 
C'4-labeled lysine incorpor- 
ated served as a measure of 


x 





CPM/mg Protein 


the total peptide linkages 
formed. It could be shown 
that the incorporation of C4" 
lysine into the total protein 
fraction of infected ceils can 





be inhibited significantly by 
KPA (Fig. 4). The degree Lysine-C!4 
of this inhibition is far less 
than that on viral RNA 
synthesis. Under conditions of complete inhibition of viral RNA synthesis, the 


Fic. 4.—Inhibition of lysine incorporation by FPA. 


incorporation of lysine into proteins is decreased to about 50 per cent at most. 
Yet the measure of viral RNA by means of its infectivity implies the integral physi- 
cal and chemical structure of the molecule. In contrast, lysine may truly be 
incorporated into a peptide even if the complete formation of the polymer is not 
possible. 

C'*-labeled FPA itself seems to be incorporated into proteins. It can, however, 
be exchanged for unlabeled PA at a high rate (Fig. 5). This is in accordance with 
the reversible nature of the inhibition produced by FPA mentioned above. <A 
normal amino acid like lysine is also exchangeable'® but at a much lower rate. The 
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Fic, 5,—Incorporation and exchange of lysine and FPA. 





282 BIOCHEMISTRY: LOEB AND ZINDER Proc. N. A. S. 


rapid exchangeability of apparently incorporated FPA could therefore mean that 
the proteins containing FPA instead of PA are readily turned over after PA is 
added; or it could mean that FPA was never really incorporated in the manner 
of a normal amino acid. 

Some later experiments have suggested that the latter is the case. This pro- 
vides a likely explanation for the competitive inhibition of amino acid incorporation 
produced by FPA; that is, the inhibition of protein synthesis. According to the 
suggested very close relationship between protein synthesis and RNA synthesis, it 
would then explain how an amino acid analog may interfere directly with the syn- 
thesis of a specific viral RNA, having shown it unlikely that new enzymes are 
necessary for the production of WEE RNA in infected cells. Such a direct mode 
of action of FPA seems in fact to be indicated by our experiments. 

* This work was supported in part by a contract with the United States Army Chemical Corps 
Biological Warfare Laboratories, Fort Detrick, Maryland, and a grant from the Samuel 8. Fels 
Fund. 
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A BACTERIOPHAGE CONTAINING RNA 
By Tim Loes AND Norton D. ZINDER 
THE ROCKEFELLER INSTITUTE 
Communicated by E. L. Tatum, January 17, 1961 


Although viruses may in general contain either deoxyribonucleic acid (DNA) or 
ribonucleic acid (RNA), there have been no previous reports of a bacteriophage 
containing RNA. The single-stranded DNA of phage ¢X-174 is the most similar in 
structure to RNA.! This report describes a bacteriophage which contains RNA 
but no DNA as its nucleic acid. 

Loeb reported the isolation of a number of phages which would grow only on 
FE. coli K-12 donor strains (Hfr and f+, males).?. The inability of the phage to 
grow on female bacteria is due to its failure to attach to them.* By serological 
criteria, these phage strains fell into three groups, of which there was a single 
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representative of the first group (f1) and several of the second group (f2). The 
third group cross-reacts with f2 and might be deemed a subgroup of f2.° For a 
variety of technical reasons, f2 was chosen for detailed study. 

Materials and Methods.—Although f2 grows on all tested 2. coli K-12 males, its 
plaques were found to be clearest and to give the highest. efficiency of plating on an 
Hfr strain (which transfers methionine as its first marker) provided by Dr. A. 
Garen. This strain was used for all of the experiments to be described. 

The medium used for growth of bacteria and phage contained in grams per liter: 
Bacto-tryptone 10, yeast extract 1, glucose 1, and NaCl 8. To this basal medium 
was added M/500 CaCl: In the absence of added calcium, the phage infections 
are abortive, although the calcium is not needed for attachment.* Plaques were 
obtained by the agar-layer method‘ by the appropriate addition of agar to the 
medium described above. 

One step of the phage purification utilized the technique of gradient centrifuga- 
tion as described by Meselson et al. 

DNA was measured by the diphenylamine reaction® and the modified diphenyl- 
amine reaction as described by Burton.?. The assay was standardized against both 
deoxyadenosine and a sample of calf thymus nucleic acid supplied by Dr. Muriel 
Roger. 

RNA was measured with the orcinol reaction as standardized against ribose.* 
It was assumed that only purine bound ribose would be detected and that the 
purine-to-pyrimidine ratio in the samples was unity. 

Phage nucleic acid was prepared as described by Gierer and Schramm.* Hy- 
drolysis of phage nucleic acid and chromatography of the products were done 
according to the methods of Smith and Markham." The sugar present was 
identified as described by Partridge." 

The synthesis of nucleic acid following infection was measured by the Schmidt- 
Tannhauser procedure as modified by Hershey.'” 

Experimental.—The single cycle growth of f2: Bacteria at a density of 2 X 10° 
cells per ml were infected with f2. A portion of the culture was assayed for free 
phage as a function of time, while another portion was lysed by the addition of 
cyanide to stop growth and chloroform and lysozyme to break open the bacteria. 
Figure 1 shows intra- and extracellular growth curves of {2 when the bacteria were 
infected with less than one phage particle per bacterium and diluted to prevent loss 
of phage by resorption. Figure 1 also shows the intracellular growth of a multiply 
infected culture maintained at the original density. The most pertinent point to 
note is the large yield per bacterium amounting to 2,000 to 4,000 in the dilute 
culture and to better than 9,000 in the dense culture. This latter figure has been as 
high as 20,000 plaque-forming units (P.F.U.) in some similar experiments, which 
indicates that the bacteria are probably lysis-inhibited in dense culture. 

An electron micrograph of f2: Figure 2 shows an electron micrograph of f2. 
The phage appears to have about the same size as ¢X-174. It is not unlikely that 


the two phages have similar amounts of nucleic acid per particle, about 3 X 107! ug 


(see further evidence below). 

The synthesis of nucleic acid following infection: Using large volumes of culture, 
it was possible to measure the synthesis of nucleic acid following infection. At 
appropriate time intervals, 10 ml samples were precipitated with trichloracetic acid 
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(TCA) and subjected to the Schmidt-Tannhauser (S-T) procedure as modified by 
Hershey to fractionate the nucleic acids. Figure 3 shows the results of one such 
experiment. We may note that there is a net synthesis of DNA and RNA amount- 
ing in both instances to about 2.5 times that originally present. In this experiment, 
the number of P.F.U. synthesized per bacterium was 12,000. Using our previous 
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;. 1.—The intra- and extracellular growth of f2. 


figure of 3 X 10~!2 wg of nucleic acid per phage and the figure 6.0 X 107° ug of 
DNA present per bacterium, it is apparent that only if almost all of the DNA were 
in f2 particles could it account for the number of P.EF.U. 

An experiment demonstrating the nucleic acid associated with f2: To ascertain 
which type of nucleic acid was associated with f2, the following experiment was 
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Fig. 2.-An electron micrograph of 2. The phage were negatively stained by embedding in 
neutral phosphotungstate. This micrograph was kindly taken by Dr. W. Stoeckenius. 
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Fig. 3.——The synthesis of the nucleic acids following f2 infection. See text for details. 
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done. A culture of 1.4 X 10° bacteria per ml was multiply infected and allowed to 
lyse (chloroform and lysozyme were added to complete lysis). An uninfected cul- 
ture of equivalent volume with 3.4 X 10° bacteria per ml was lysed with chloroform 
and lysozyme. Aliquots of each culture were immediately precipitated with TCA 
and fractionated by the S-T procedure. Deoxyribonuclease (DNAase) and ribo- 
nuclease (RNAase) were added to the rest of both cultures at a concentration of 
10 wg per ml each, and the cultures were incubated for one hour. This treatment 
has no effect on the number of P.F.U. that are present other than occasionally 
raising it from its initial value. In this instance, there were 1.2 K 10! P.F.U. per 
ml. At the end of this period, another aliquot was subjected to S-T fractionation. 
Further aliquots were centrifuged in the Spinco centrifuge at 26,000 g, a force in- 
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Fic. 4.—The distribution of the nucleic acids synthesized by a phage-infected culture. See 

text for details. 

sufficient to sediment any phage. The pellets were dissolved in dilute ammonia 
and analyzed for pentose and deoxypentose. The supernatants were centrifuged at 
60,000 g for one hour. This sedimented not quite half of the phage. The final 
supernatants were precipitated with TCA. These precipitates and pellets were 
analyzed for nucleic acid as above. The data are presented in the flow diagrams 
(Figs. 4 and 5) and are calculated as nucleic acid equivalents per mi of the original 
lysates. 

We may note that in both instances the DNA essentially disappears following 
the enzyme treatment. The limit was set by the amount of culture used for the 
assay and the sensitivity of the test, which in this instance was of the order of 5 yg 
total DNA. In the infected culture, about 20 per cent of the RNA survives treat- 
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ment while only about 3 per cent survives in the uninfected culture, although there 
were initially almost equivalent amounts of RNA in both cultures. The RNA-like 
material which is not lost following enzyme treatment of the uninfected culture 
appears in the 26,000 g pellet as does an equivalent amount in the infected culture. 
This may represent pentose in the bacterial debris. RNA appears in both the 
60,000 g pellet and the TCA precipitate of the 60,000 g supernatant, while there is 
none in the pellet and precipitate of the uninfected culture. Phage titers are 
presented for the supernatants, since sedimenting the phage causes a large loss of 
viability, amounting to about 90 per cent as determined in many experiments. 
However, as will be described, there is reason to believe that the particles are still 
intact although they can no longer form a plaque. The figure of 4 K 107! ug 
RNA per P.F.U. calculated from the above data is consistent with the previous 
estimate. 
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Pre eres ae 


not treated enzyme treated 


v v 
66 wg RNA 2 4g RNA 
8 ug DNA <0.5 ug DNA 


26,000 g 


———y 


pellet supernatant 


| | 
2.54g RNA 
<0.3ug DNA 


60,0009 


pellet supernatant 


<0.154g RNA —-<0.15zg RNA 
<O.34g DNA <O.344g DNA 

Fic. 5.-—The distribution of the nucleic acids from an uninfected culture that was lysed with 

chloroform and lysozyme. See text for details. 

The isolation of f2 in large quantities: The following procedures were empirically 
developed for the isolation of large amounts of phage. A 15-liter culture (approxi- 
mately 2 X 10° bacteria per ml) was infected and allowed to go to lysis. Chloro- 
form and lysozyme were added to complete the lysis. The yield was 7 X 10"! 
P.F.U. per ml. The lysate was made 2 molar with ammonium sulfate and the 
precipitate collected by centrifugation. This precipitate was suspended in 200 ml 
of water, brought to pH 8 with NaOH, and then stirred in a blendor. DNAase and 
RNAase were added (each at a finai concentration of 2 ug per ml). The solution 
was centrifuged at 13,000 g and then at 26,000 g, giving a supernatant containing a 
total of 8 X 10% phage. The supernatant was filtered through a filter candle and 
the phage again precipitated with ammonium sulfate. The major contaminants 
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to this point of the purification were constituents of the broth medium that had also 
been precipitated by the ammonium sulfate. There was only a minor loss of phage 
viability. The precipitate was resuspended in pH 8 phosphate buffer and the 
solution centrifuged at 13,000 g. The supernatant was centrifuged at 60,000 g for 
two hours. Although the phage sedimented almost quantitatively (by the analysis 
described below), there was a marked loss of viable titer, about 90 per cent. The 
pellet was resuspended in saline, made to a density of 1.4 with CsCl, and centrifuged 
in the swinging bucket rotor of the Spinco Model L centrifuge at 125,000 g for 20 
hours.*- A heavy band about 2 mm in width was found in the center of the centri- 
fuge tube and this was carefully removed. This fraction contained all of the in- 
fective material and showed no further loss of viable titer. The material was 
diluted in water and then recentrifuged in the Spinco at 60,000 g. A translucent 
pellet which was easily resuspended was obtained and was again centrifuged at 
12,000 g to remove any further debris. These latter procedures resulted in no 
further loss of viability. The final solution (of 11 ml) had a viable titer of 5 & 10" 
per ml of a total of 5.5 X 10' P.F.U. This represents a recovery of about five 
per cent of viable particles. 

The type of nucleic acid present in f2: The preparation described above had an 
optical density at 260 my of 55 per ml, which corresponds to about 2.8 mg of nucleic 
acid per ml. The 260 my to 280 mu ratio was 1.78, and the 230 my to 260 my ratio 
was 1.05. There was found to be 2.5 mg of orcinol reacting material per ml (pre- 
sumably RNA) and less than 2 wg of DNA per ml as determined by the modified 
diphenylamine reaction. 

It is apparent that the quantity of orcinol reacting material corresponds well 
with the quantity of nucleic acid as determined by optical density. On the other 
hand, the amount of DNA, assuming the limit of the sensitivity of the analysis to be 
the true value, divided by the actual infectivity would give a value of about 4 X 
10—'4 ug of nucleic acid per particle of f2. This value would be equivalent to about 
2 X 10~‘ of a coliphage T2 particle (2 K 10~" ug per particle'*) or about 20,000 
M.W.U. However, the above assumption of about 3 X 107! ug of nucleic acid 
per f2 particle would indicate that the final solution had an infectivity of less than 
0.1. Thus the quantity of DNA per phage would have to be reduced a further 
factor of 10. The evidence certainly indicates that f2 contains RNA and no 
significant amount of DNA. 

A value of 3 X 107! wg of nucleic acid per P.F.U. gives for the original lysate 
a value of 30 mg of nucleic acid (by viable titer) before purification. The optical 
density at 260 my indicates that virtually all of the nucleic acid was recovered after 
purification and that the loss of viability in the Spinco still leaves the particles 
intact. 

The base and sugar composition of f2 nucleic acid: A sufficient quantity of f2 to 
provide approximately 1,400 ug equivalents of nucleic acid determined by optical 


density was deproteinized by shaking with aqueous phenol.’ The resulting nucleic 
acid suspension was suspended in 10.ul of 1 N HCl and heated for one hour at 100°C 
in a sealed tube.!° The hydrolysate and an appropriate control solution were 
chromatographed on Whatman #41 filter paper using a mixture of butanol and HCl. 
Four spots were found having the Rf and absorption spectra of guanine, adenine, 
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cytidylic acid, and uridylic acid. The molar ratios were 1.17 + 0.03, 1.00, 1.21 + 
0.06, and + 0.07, respectively. 

The sugar present was determined by chromatographing the above HCI hydroly- 
sate and a control mixture of sugars on Whatman #1 paper using a mixture of 
butanol, ethanol, and ammonia.!! The sugar had an Rf characteristic of ribose. 

Summary.—The evidence presented indicates that the bacteriophage f2 contains 
RNA and not DNA as its nucleic acid. The evidence is based primarily on the 
analysis of purified material but also on the distribution of the two types of nucleic 
acid synthesized after infection. Although f2 is an extremely small phage, there is a 
compensating large yield per bacterium (about 10,000 P.F.U.). Therefore, the 
synthesis of phage materials can be followed and the phage itself readily puritied. 
In its general features such as adsorption and intracellular growth, f2 resembles the 
DNA bacteriophages. Further studies on the biology and chemistry of f2 are in 


progress. 


We gratefully acknowledge our indebtedness to Dr. M. Jesaitis for advice and aid in the prepara- 
tion and analysis of large quantities of f2. We also thank Miss Doris Degen, Mr. 8. Cooper, and 
Mr. M. Estrin for technical aid. 
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TRANSCARBOXYLASE, I]. PURIFICATION AND PROPERTIES OF 
METHYLMALONYL-OXALOACETIC TRANSCARBOXYLASE* 
By Hartanp G. Woop aAnp RUNE STJERNHOLMT 
DEPARTMENT OF BIOCHEMISTRY, WESTERN RESERVE UNIVERSITY 
Communicated December 28, 1960 

Swick and Wood! recently have demonstrated a new type of biochemical reaction 
in which one compound, a carboxy! donor, is decarboxylated and a second compound, 
a carboxyl acceptor, is carboxylated. Thus, it is possible to accomplish a direct 
carboxylation without intervention of CO, or the expenditure of energy to activate 
the CO.. The conversion is illustrated in reaction (1). 
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COO 


CH;—CH—COSCoA + CH;—CO —COO- @ CH;—CH:—COSCoA + 
methylmalonyl CoA pyruvate propiony! CoA 
COO-—CH:—CO—COO~- (1) 


oxaloacetate 


This reaction permits net synthesis of oxaloacetate from methylmalonyl CoA and 


pyruvate or of methylmalony! CoA from oxaloacetate and propiony! CoA, and there- 
fore differs from exchange reactions in which there is carboxyl transfer but no net 
synthesis. Lynen ef al.* observed this type of exchange with 6-methylerotony! car- 
boxylase from Wycobactertum using 6-methylglutaconyl-CoA-1,3,5-C'™ and un- 
labeled 6-methylerotonyl CoA. This carboxy] transfer has been proposed to occur 
as illustrated in reaction (2). 


CH,—C"00 CH; 
CH;—C4'=CH—COSCoA + E-biotin @ CH;—C'=CH—C#OSCoA + 
8 methylglutaconyl CoA 8 methylerotonyl CoA 
E-biotin-C'4O, (2) 


CH, CH2CMOO 


COSCoA + E-biotin—C'“O, = CH;—C—CH—COSCoA + 
I-biotin 


CH,—C0OO CH; 


Sum: CH;—C'=—CH—C"OSCoA + CH; CH—COSCoA @ 
CH; CH.C#00 


CH;—C'%=CH—COSCoA + CH;—C==CH—COSCoA 
A similar carboxyl transfer has been demonstrated by Lane and Halenz.* How- 
ever, in this case there was net synthesis, but it probably occurred because the pro- 
pionyl carboxylase activated homologous types of CoA compounds. The reaction 
is illustrated in equation (3). 


C4OO 


CH;—CH—COSCoA + CH3;—CH2—CH2—COSCoA @ CH;CH2COSCoA + 


methylmalonyl CoA butyryl CoA propionyl CoA 


COO 


CH;—CH,—CH—COSCoA (3) 

ethylmalonyl CoA 
The unique feature of methylmalonyl-oxaloacetic transcarboxylase is that it cata- 
lyzes a reaction which involves compounds from different pathways of metabolism, 
i.e., the CoA esters of fatty acid metabolism and the a-keto acids of carbohydrate 
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metabolism. It thus can shuttle carboxyl groups from one metabolic pathway to 
another and therefore has great potential in synthetic reactions. 

The studies of Swick and Wood! were performed using unfractionated protein 
extracts prepared from Propionibacterium shermanii. The results reported here 
deal with the purification and properties of the enzyme. Although there is still a 
possibility that the transcarboxylase reaction may be catalyzed by more than one 
enzyme, the results from the present study are in accord with the view that it is a 
single enzyme. The enzyme will be referred to as methylmalony!-oxaloacetic trans- 
carboxylase to indicate its dual activity on CoA derivatives and keto acids. The 
activity of the enzyme appears to be restricted to the keto acids pyruvate and oxalo- 
acetate but has a broader specificity for CoA compounds. 

Materials.—The CoA esters were synthesized as described by Swick and Wood! 
using modifications of the methods of Simon and Shemin‘ or of Beck et al.° The 
ethvlmalonyl CoA was a sample given to us by Dr. E. R. Tustanoff, Western Reserve 
University. The oxaloacetate and DPNH (Sigma), pyruvate and glutathione 
(Nutritional Biochemical Corp.), phosphoenol pyruvate (California foundation), 
lactic dehydrogenase, malic dehydrogenase and pyruvokinase (Boehringer), and 
avidin (2,500 units per gm, Nutritional Biochemicals Corp.) were commercial prod- 
ucts. The propiony! carboxylase was a generous gift from Dr. Severo Ochoa, 
New York University. It was a three-times crystallized enzyme. The saturated 
ammonium sulfate was made from ammonium sulfate which had been recrystallized 
from glass-distilled water, and sufficient concentrated NaOH solution was added 
during the saturation so that the pH was 7.0 in a sample which was diluted 20 times. 

Growth Conditions.—Propiontbacterium shermanii (52W) was grown at 30° for 
3 to 5 days in 20-liter bottles with cotton stoppers and containing 15 liters of medium 
of the following composition: 4.4 gm of K.HPO, and 3.4 gm of KH.PO,, 5.0 gm of 
glycerol or glucose, 5.0 gm yeast extract, 1 mg calcium pantothenate, 1.0 mg 
thiamine hydrochloride, 1.0 mg biotin, and 10 mg of Co( NOs)2.6H2O per liter. The 
cells were harvested in a pre-cooled Sharples centrifuge. 

Preparation of Cell Free Extracts.—Two methods were used to extract the enzymes 
from the cells. Both methods give good yields but the procedure with the Waring 
blender is more convenient for larger quantities of cells. 

Sonic rupture of cells: The cells were suspended in an equal weight of ice-cold 
0.3 MW KeHPO, containing 0.3 mg cysteine per ml and the suspension then was sub- 
jected to a Raytheon 10 ke/second disintegrator for 20 min while the temperature 
Was maintained at 0-4° by circulating a refrigerant through the cooling chamber. 
The extract was clarified by centrifuging in a refrigerated angle-head centrifuge for 
20 min at 25,000 g. The cloudy supernatant liquid was recentrifuged for 30 min 
at 30,000 g giving a clear brown colored supernatant solution. 

Rupture of the cells with a Waring blender: The procedure based on the method 
described by Lammana and Mallete® was as follows: 77 gm of cells, 100 gm of glass 
beads (Superbrite glass beads, Minnesota Mining and Manufacturing Co., Type 
100-5005), and 100 ml of ice-cold 0.3 17 KeHPO, containing 10 mg of cysteine 
were ground at top speed in a | liter Waring blender at —10°. The blender was 
stopped at regular intervals to avoid over-heating. After grinding for 10 min, 100 
ml of 0.3 7 K2HPO, were added, and the mixture was ground again in the blender 


for another 3 min. The process was repeated with a further addition of 100 ml 
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of 0.8 M Ke_HPO,. The temperature was not higher than 15° during the treat- 
ment. The mixture was centrifuged first at 6,000 g for 10 min to remove the glass 
beads and cell debris and then at 30,000 g for 30 min to yield 230 ml of a clear-brown 
supernatant solution. 

Purification of Methylmalonyl-Oxaloacetic Transcarboxylase.—The cell free ex- 
tracts obtained from either process usually contained about 25 mg of protein per 
ml. All fractionations were performed at 0°. 

Step 1. Calcium phosphate gel treatment: A 15 per cent calcium chloride solu- 
tion was added dropwise to the extract which was stirred mechanically in an ice 
bath while the pH was maintained at pH 7.0 by the dropwise addition of 10 per cent 
Na;PQ, solution. Sufficient CaCl, was added to give 1 mg of Ca3(PO,)2 gel per mg 
of protein (0.072 ml of 15 per cent CaCl, per mg of protein). The mixture was 
stirred for an additional 15 min and then centrifuged at 25,000 g for 15 min. The 
supernatant solution, which usually contained about 15 mg of protein per ml, was 
dialyzed for 3 hours against 15 volumes of distilled water containing 10 mg of cys- 
teine per liter and then for 10 hours against 15 volumes of 0.05 MW Tris-HCl buffer 
at pH 7.4 containing 10 mg cysteine per liter. 

Step 2. Ammenium sulfate fractionation: The solution from Step 1 was stirred 
in an ice bath and finely powdered ammonium sulfate was added slowly to give 40 
per cent saturation. The precipitate was removed and discarded and the solution 
was adjusted to 90 per cent saturation by the further addition of solid ammonium 
sulfate. The precipitate was isolated by centrifuging at 20,000 g and dissolved in 
sufficient distilled water to yield a solution containing about 25 mg of protein per 
ml. Excess ammonium sulfate was removed by dialysis for 12 hours against approx- 
imately 50 volumes of 0.01 M Tris-HCl buffer pH 7.4, 0.001 4 EDTA, and 0.001 M 
cysteine with a change of dialyzing solution after the first 6 hours. 

Step 3. Fractionation on a DEAE-cellulose column: The DEAE-cellulose was 
prepared for use by a series of washes in the following solutions in the order given: 
0.1. N NaOH, water, 0.1 N HCl, water, 0.117 phosphate buffer, pH 7.0, and 0.01 7 
phosphate buffer pH 7.0. The cellulose was packed to form a column 6.5 em wide 
and 30 em long and equilibrated overnight against 0.01 17 phosphate buffer, pH 7.0. 
The protein solution from Step 2 (2.0 to 4.0 gm of protein) was applied to the top 
of the column and the column was washed with 2,000 ml of the same buffer con- 
taining 20 mg of cysteine. The chromatogram was then developed as described in 
the legend of Figure 1 with the aid of a series of phosphate buffers of increasing 
molarity at pH 6.8 and containing 10 mg of cysteine per liter. 

The fractions containing the transcarboxylase were located by a colorimetric test 
for oxaloacetate. The reaction was performed on a white porcelain spot plate using 
0.08 ml of a solution containing 3 wmoles of pyruvate, 0.02 umoles of methylmalony! 
CoA, and 5 umoles of Tris-HCl buffer pH 7.0 to which was added 0.02 ml of the 
eluate. The mixture was incubated for 5 min at 30°, then 0.2 ml of 1 M acetate 
buffer pH 5.2 and 0.3 ml of the diazo reagent of Kalnitsky and Tapley"’ were added 
to the mixture. A brown color develops in a few minutes if the eluate contains trans- 
carboxylase. The reagent blank without enzyme is yellow in color. 

It is seen in Figure 1 that part of the methylmalonyl isomerase was eluted from 
the column prior to the addition of the 0.2 M phosphate buffer but it was not com- 
pletely separated from the transcarboxylase. The isomerase usually is associated 
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with a pink protein. Malice dehydrogenase was eluted somewhat later than the 
transcarboxylase peak but the separation of these two enzymes was not compiete. 
The malic dehydrogenase had a high specific activity, 597 in fraction 122. The 
maximum activity of the transcarboxylase was 6.65 and appeared in fraction 117. 
The protein of fraction 117 had a specific activity of 0.11 with respect to malic de- 
hydrogenase and 1.03 with respect to methylmalony! isomerase. 

The transcarboxylase is quite stable in the eluate either at 0° or frozen. A 
solution which was stored frozen but frequently thawed for assay lost about 25 per 
cent of its activity in 2 months. 
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Fig. 1.—Protein content and enzyme activities of the eluate from a 
typical DEAE cellulose column. 2.04 gm. of protein (Step 3) was placed 
on a6.5 * 30 cmcellulose column. Approximately 65 ml fractions were 
collected at 60 to 90 min intervals. The concentration of phosphate 
buffer, pH 6.8 was increased stepwise from 0.05 M at fraction 16 to 0.1 
M at fraction 48, to0.15 M at fraction 49, to 0.20 M at fraction 110. The 
protein was determined by light absorption at 280 mu with a correction 
for nucleic acid content based on the 260 my absorption.?. The trans- 
carboxylase (TC) was determined as described in Figure 2, the methyl- 
malonyl isomerase (Iso) as described by Stjernholm and Wood,® and 
the malic dehydrogenease (MD) as described by Ochoa. The maxi- 
mum specific activity of the isomerase was 3.68 in fraction 114, trans- 
carboxylase 6.65 in fraction 117, and malic dehydrogenase 597 in fraction 


122 


Those fractions from the DEAE cellulose column which contained the transcar- 
boxylase and very little malic dehydrogenase were combined (116, 117, 118 from the 
column of Fig. 1) and the protein was precipitated by addition of sufficient solid re- 
crystallized ammonium sulfate to give a 90 per cent saturated solution. The pre- 
cipitate was dissolved in 3 ml of distilled water and dialyzed 1 hour against 1 liter 
of 0.0025 M glutathione, 0005 M Tris-HCl buffer pH 7.4, and 0.001 M@ EDTA. 
The dialysis was repeated for an additional hour against fresh solution. 


Step 4. Second ammonium sulfate fractionation: The solution from Step 3 
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was diluted to give a protein content of 10 mg per ml and made 0.01 V7 with respect 
to Tris-HCl buffer pH 7.4 and 0.001 M with respect to glutathione. Saturated 
ammonium sulfate was added dropwise during mechanical stirring in an ice bath to 
make the solution 35 per cent saturated. After 10 min additional stirring the mix- 
ture was centrifuged in a refrigerated centrifuge for 15 min at 30,000 g. The pre- 
cipitate was discarded. Succeeding ammonium sulfate fractions were obtained 
between 35-48, 48-60, and 60-80 per cent saturation. In each case the precipitate 
was taken up in 2 ml of distilled water and was precipitated again by addition of 
sufficient saturated ammonium sulfate to bring the concentration to 48, 60, and 80 


per cent respectively. The transcarboxylase has been found to be stable when held 


as a suspension at 0° in ammonium sulfate but in solution it loses activity when 
stored frozen at —12° or unfrozen at 0°. The suspension usually was dissolved in 
0.05 VM glutathione and was used without removal of the ammonium sulfate. 

It isseen (Table 1) that the 48-60 ammonium sulfate fractionation contained most 
of the transcarboxylase and that the isomerase was largely in the 60 to 80 fraction. 
The malic dehydrogenase also was concentrated in the 60 to 80 fraction (data not 
shown). 

TABLE 1 
PURIFICATION OF METHYLMALONYL-OXALOACETIC TRANSCARBOXYLASE FROM Propionibactertum 
shermanii 


Methylmalonyl 


Protein lranscarboxylase isomerase 


Step (mg Specific 3 Specific : 
activity* Units activity* Units 


10-90 (NH4)2SO, fraction 2040 0.45 900 0.10 204t 
DEAE-cellulose, fractions 116, 19.5 4.2 208 1.14 56.0t 
117, 118 (Fig. 1). 0-90 
( NH,4)2SO, precipitate 
35-48 (NH4)oSO, fraction 5.0 1.5 2 16 0.8 
18-60 (NH4)oSOx4 fraction 19.4 7 36 15 2.9 
60-80 (NH4)oSO, fraction 22.0 0.28 j 2.00 44.0 
* Specific activity is in ~moles/min/mg protein. 
+ Isomerase was determined by the procedure described by Stjernholm and Wood.* 
t Only part of the isomerase which was eluted from the cellulose column was contained in the fractions 116, 117, 
and 118 (see Fig. 1). The recovery was greater than 56 units. 


Assay of Methylmalonyl-Oxaloacetic Transcarboxylase.—The_ transcarboxylase 
was assayed by measurement of the rate of Reaction 1 in either direction. If the 
rate to the right was determined, the formation of oxaloacetate was measured using 
malic dehydrogenase and DPNH (reaction 5). The reactions were as follows: 


methylmalonyl CoA + pyruvate @ oxaloacetate + propionyl CoA 
oxaloacetate + DPNH + H+ @ malate + DPN? (5) 


The optical density change was measured at 340 mu. 
When the rate to the left was used for the assay, the formation of pyruvate was 
determined with lactic dehydrogenase and DPNH. The reactions were as follows: 


oxaloacetate + propionyl CoA = pyruvate + methylmalonyl CoA (6) 
pyruvate + DPNH + H+ @ lactate + DPN* (7) 


Procedure 1: This procedure is used if the enzyme preparation contains either 
lactic dehydrogenase or DPNH oxidase. The transcarboxylase reaction is per- 
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formed first and then the mixture is deproteinized to remove the contaminating 
enzymes before determining the amount of oxaloacetate. The mixture for the 
transcarboxylase reaction consists of 10 umoles of pyruvate, 1.5 to 2.0 wmoles of 
methylmalony! CoA, 30 umoles of Tris-HCI buffer pH 7.4, 2.5 umoles of glutathione, 
enzyme, and water to a final volume of 0.5 ml. After incubation at 30° for 5 min, 
the reaction is terminated by the addition of 0.4 ml of 10 per cent trichloroacetic 
acid. The mixture is held in an ice bath for 10 min and then centrifuged to remove 
the precipitated protein. The oxaloacetate formed in the reaction is determined by 
adding 0.5 ml of the trichloroacetic acid extract to 160 umoles of Tris base, 100 
umoles of Tris-HCl buffer pH 7.4, and 0.35 umoles of DPNH contained in a cuvette 
possessing a l-cm light path. The reaction is started by the addition of an excess 
of malic dehydrogenase (0.5 units). The total volume in the cuvette is 3.0 ml. 
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Fig. 2.—Spectrophotometric assay of methylmalonyl-oxalo- 
acetic transcarboxylase by coupling with malic dehydrogenase. 
The cuvette contained the following expressed in umoles: Tris- 
HCl buffer pH 7.0, 15; glutathione, 3.0; DPNH, 0.15; pyruvate, 
6.0; methylmalonyl CoA, 0.5; and an excess of malic dehydrogen- 
ase (0.2 unit). The reaction was started with the addition of 
transcarboxylase using the amount as indicated. Final volume 
0.6 ml. Temperature 23°. The transcarboxylase had a specific 
activity of 3.5. An ammonium sulfate suspension of the enzyme 
was dissolved in 0.05 M glutathione. 


Procedure 2: This procedure is used if the enzyme preparation is free of lactic 
dehydrogenase and DPNH oxidase activity. The transcarboxylase reaction is 
coupled directly with the malic dehydrogenase reaction (reactions 4 and 5). The 
initial rate of DPNH oxidation is linear and proportional to the concentration of 
transcarboxylase, (see Fig. 2). The reaction was carried out at 23° in a glass cuvette 
(d = 0.5 cm) in a Zeiss spectrophotometer. The composition of the reaction mix- 
ture is given in the legend of Figure 2... This procedure was used routinely for assay 
of the enzyme from the cellulose column, Step 3, and all subsequent steps. One unit 
of enzyme was taken as the amount which catalyzes the formation of 1 umoles of 
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oxaloacetate per minute. The specific activity of the enzyme is expressed as units 
per mg of protein. 

Procedure 3: This procedure may be used if the enzyme is free of malic dehydro- 
genase and DPNH oxidase. This assay is not as accurate as that presented in Figure 
2 because there is spontaneous breakdown of the oxaloacetate to pyruvate, and also 
the transcarboxylase may contain a trace of malic dehydrogenase. The correction 
for the spontaneous breakdown and for the malic dehydrogenase reaction with the 
oxaloacetate was determined by measuring the rate of DPNH oxidation in the 
presence of avidin, which inhibits the transcarboxylase. The rate of the DPNH 
oxidation obtained in the presence of avidin was subtracted from the DPNH 
oxidation observed in its absence, the difference was considered to be due to trans- 
carboxylase activity. The reaction is carried out in glass cuvettes (d = 0.5 em). 
The mixture contains the transcarboxylase, an excess of lactic dehydrogenase (2 
. ; units), 15 umoles of Tris-HCl 
oa | buffer, pH 7.0, 3 umoles of glu- 

tathione, 0.3 zmoles of DPNH, 
and 1.2 umoles of oxaloacetate. 
In addition, the control con- 
tains 90 wg of avidin. Both 
are incubated at room temper- 
ature for 4 min in order to 
permit inactivation of the 
transcarboxylase in the con- 
sa anes pene ts — trol by the avidin. The reac- 

tion is started by the addition 


_—_—_——t ee 
PHTHALATE TRIS — MALEATE 


BUFFERS seas ecanemnegngeemnit of 0.5 umoles of propionyl CoA 
ACETATE TRIS 














to the reaction mixture. The 


Fia. 3.—Effect of pH on the activity of methylmalonyl- fina] volume is 0.6 ml and the 

oxaloacetic transcarboxylase. rhe transcarboxylase ac- Res 

tivity was measured by Procedure 1 (ef. text) using the temperature is 23 

following buffers: potassium phthalate, pH 3.6 to 4.3; Properties of Methylmalonyl- 

sodium acetate, pH 4.3 to 5.0; Tris-maleic, pH 5.5 to 7.6; ee ‘ : 

Tris-HCl, pH 7.0 to 8.2. The enzyme was a dialyzed frac- Ovxaloacetic Transcarboxylase. 

tion from a | JEAE cellulose column and had a specific ac- The purified protein was 

tivity of 0.7. 53 ug of protein were used in the reaction, 5 x i 
stored at 0° as a suspension in 


ammonium sulfate. Fresh preparations could be dissolved in water with no loss in 
activity provided glutathione was used in the reaction mixture, but after storage 
of the suspension for several weeks, it was necessary to dissolve it directly in 0.05 
M glutathione to retain full activity. The glutathione must be freshly prepared, 
since a solution which was held at 0° and frozen when not in use became inhibi- 
tory even though much of the glutathione remained in the reduced form. Addi- 
tional studies will be required to establish whether the enzyme is an —SH enzyme. 


The enzyme has no metal ion or cofactor requirements. 


pH optimum: The transcarboylase has a very broad pH range for maximum 
activity. There is little change in activity between pH 5.5 and 7.8 (see Fig. 3). 
Assay Procedure 1 was used in this study in order to avoid the adverse effect of pH 
on the malic dehydrogenase. 

Inhibition by avidin: Swick and Wood! found that avidin inhibited transcar- 
boxylase activity in partially purified preparations. This inhibition has been con- 
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firmed with purified enzyme (specific activity, 7.0, Step 4, Table 1). The procedure 


adopted was similar to that described in the legend of Figure 1 except that the 


reaction was initiated by the addition of the methylmalonyl CoA. Two cuvettes 
were prepared with the reaction mixture plus 1.2 ug of enzyme. To one cuvette 
was added 30 ug of avidin, and both cuvettes were incubated for 4 min prior to the 
addition of methylmalony!l CoA. Under these conditions, 90 per cent inhibition of 
the transcarboxylation reaction was observed. 

CoA ester specificity: The specificity of the enzyme for CoA esters was deter- 
mined by using the CoA ester as carboxyl acceptor and oxaloacetate as the carboxy! 
donor. 


oxaloacetate + CoA acceptor @ pyruvate + carboxylated acyl CoA derivative 


This procedure eliminated the possible effects of the unnatural isomers which are 
obtained by chemical synthesis of the CoA ester of the dicarboxylic acid. Further- 
more, the homologues of propiony] CoA are more readily prepared than are the 
homologues of methylmalonyl CoA. The rate of reaction was followed by deter- 
mining the rate of formation of pyruvate using lactic dehydrogenase and DPNH 
(Procedure 3). The results of this survey are presented in Table 2. There is 
considerable oxidation of DPNH in the presence of avidin because the oxaloacetate 
breaks down spontaneously to pyruvate which is then reduced by lactic dehydro- 
genase. The transcarboxylase activity is calculated on the basis of the difference 
in AOD. The transcarboxylase clearly has a broad specificity for CoA esters as 
the carboxyl acceptors. Acetyl CoA is approximately half as effective as pro- 
pionyl CoA. Butyryl CoA also serves as an acceptor and acetoacetyl CoA appears 
to act slowly. It would be of interest to determine the product of the latter reac- 
tion; it could be either acetomalonyl CoA or 6-ketoglutary] CoA. Because of the 
low activity of transcarboxylase with acetoacetyl CoA as a substrate, it has not 
been possible to accumulate sufficient product to permit its identification. 


TABLE 2 


SUBSTRATE SPECIFICITY OF METHYLMALONYL-OXALOACETIC ZTRANSCARBOXYLASE WITH CoA 
ESTERS AS THE CARBOXYL ACCEPTORS AND OXALOACETATE AS THE CARBOXYL DONOR 
Acetyl Propionyl Butyryl Acetoacety! 
CoA CoA CoA CoA 
AOD per min* (no avidin) 0.075 0.060 0.073 0.060 
AOD per min* (plus avidin) 0.025 0.015 0.035 0.040 
Difference in AOD per min 0.050 0.045 0.038 0.020 
ug of protein 6 3 24 48 
Specific activity (umoles/min/mg 1.6 2.9 0.27 0.08 
protein) 
* Average of first 2 min. The rate was not completely linear in this assay 
Assay by Procedure 3 (see text) 0.6 ml in cuvette (d 0.5 em) and 0.5 uwmoles of each CoA ester per 0.6 ml. 


Doubling the concentration of CoA ester did not significantly alter the rate of the reaction. The enzyme was 
from Step 4 and had a transcarboxylase specific activity of 4.8 when assayed as described in Figure 2. The enzyme 


contained some malic dehydrogenase (specific activity 0.04) and part of the reading in the presence of avidin is due 
to its activity. 

The products from the other CoA esters were investigated by preparation of the 
hydroxamic acid derivatives, chromatographing and determining the Ry values. 
The results are shown in Table 3. It is seen that two hydroxamic derivatives were 
obtained from each reaction mixture and that one hydroxamate had an Rr corre- 
sponding to the hydroxamic acid derivative of the substrate. The second hy- 
droxamate had a lower Ry; than that of the substrate. This is to be expected if the 
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product is a CoA ester of a dicarboxylic acid. The identification of the products 
is not conclusive but is consistent with the view that the products are malony] 
CoA, methylmalonyl CoA, and ethylmalonyl CoA, respectively. 


TABLE 


R; VALUES OF THE HypROXAMIC DERIVATIVES FROM TRANSCARBOXYLASE REACTIONS WITH 
OXALOACETATE AS THE CARBOXYL DONOR AND AcETYL CoA or PropronyL CoA, orn ButTyRYL 
CoA As THE ACCEPTORS 

Acetyl Propiony! Butyryl 


oO OL O: 


Substrate Re Re Rt 
Hydroxamate from anhydride of substrate 0.25 0.43 0.59 
Hydroxamates from transcarboxylase reactions 0.25 0.43 0.59 
0.12 0.25 0.41 
The reaction mixture contained in wmoles: oxaloacetate, 4.8; Tris ‘eg buffer pH 7, 60.0; glutathione, 12; 
DPNH, 5.5; acetyl CoA, 2.0 or propionyl CoA 1.8, or butyryl ¢ ‘oA, 1; 0.1 units of transcarboxylase (Table 1 
Step 4, 18. 60), and an excess of lactic dehydrogenase (5 units). Foti vente tml. Incubated 10 min at 30°C 


The reaction was stopped by the addition of 1 ml of hydroxylamine solution (28 per cent H2.NOH-HCI and 3.5N 
NaOH, 1 to 1). 

The hydroxamic acid derivatives were prepared by the procedure of Stadtman and Barker.'!!| The samples were 
evaporated to dryness and then taken up in absolute ethanol, an and spotted on Whatman No. 1 paper, 
and chromatographed in isoamy] alcohol, formic acid, and water (3:1:3).'? 


Direct evidence that ethylmalony! CoA is active in the transcarboxylase reaction 
was obtained using ethylmalonyl CoA as the carboxyl donor to pyruvate in place 
of methylmalonyl CoA (procedure of Fig. 2). Ethylmalonyl CoA was utilized at 
about !/7 the rate of methylmalonyl CoA. 


Keto acid specificity: The next higher homologue of pyruvic acid is a-keto 
butyrate. If this acid acted as a carboxyl acceptor, one would expect to obtain 
a-methyl-oxaloacetate (reaction 8) which might be reduced by malic dehydrogenase 


(reaction 9) as shown in the following hypothetical sequence: 
COO 


CH;—CH—COCoA + CH;CH2,COCOO- @ 


COO 


CH;CH,COCoA + CH;—CH—CO—COO 
COO 


CH;—CH—CO—COO- + DPNH + Ht+<z 
COO 


CH;—_CH—CHOH—COO- + DPN?+ (9) 


Attempts to substitute a-ketobutyrate for pyruvate and to link the reaction with 
malice dehydrogenase have not been successful even with a very large amount of 
transcarboxylase and malic dehydrogenase — In the absence of information on the 
activity of malic dehydrogenase with a-methy! oxaloacetate, this result is not con- 
clusive. 

It will be shown that the equilibrium constant of the transcarboxylase reaction 
with methylmalonyl CoA, pyruvate, propionyl CoA, and oxaloacetate is approxi- 
mately 2. Therefore, if the transcarboxylase reaction occurred with a-keto- 
butyrate, one would expect a substantial formation of propionyl CoA and disap- 
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pearance of a-ketobutyrate. Since lactic dehydrogenase acts-on a-ketobutyrate, 
it was possible to utilize this enzyme to determine the a-ketobutyrate concentra- 
tion. Therefore, 0.8 wmoles of methylmalony! CoA and 0.4 umoles of a-keto- 
butyrate were incubated for 30 min with 0.7 units of transcarboxylase in 0.35 ml 
of 0.05 VM Tris-HCl buffer, pH 7 containing 0.005 7 glutathione. A second reaction 
mixture containing avidin in addition to the above reagents and a third system 
without the transcarboxylase were also prepared. After the incubation, the mix- 
tures were deproteinized with trichloroacetic acid and the a-ketobutyrate present 
in the protein-free trichloroacetic acid extract was determined. The a-ketobuty- 
rate concentration was found to be the same in all three samples. 

The above reaction was investigated further by preparing the hydroxamic deriva- 
tives from the reaction products and isolating them by paper chromatography. 
Under these conditions, it could be demonstrated that there was formation of 
propionyl CoA when pyruvate was the carboxyl acceptor, but a-ketobutyrate, a- 
ketovalerate, 6-ketoglutarate, and’ a-ketoglutarate failed to act as acceptors and 
thus to promote the formation of propionyl CoA from methylmalonyl CoA. Thus 
far, it appears that the transcarboxylase is quite specific for pyruvate as a carboxy] 
acceptor. Presumably, it also is specific for oxaloacetate as a carboxyl donor to 


the acy! CoA compounds. Becatise the enzyme is not specific for the acyl CoA 


compound, an abbreviated name for this enzyme might most properly be oxalo- 
acetic transcarboxylase. 

Stoichiometry of the methylmalonyl-oxaloacetic transcarboxylase reaction: The 
stoichiometry of the transcarboxylase reaction was determined by using propiony! 
CoA and oxaloacetate as substrates. Prior to this study, it was established that 
the transcarboxylase (Table 1, Step 4, 48-60) was free of thiolesterase. This was 
ascertained by demonstrating that there was no change in the absorption at 236 
mu when the enzyme was incubated with methylmalony! CoA and propionyl CoA. 

The data shown in Table 4 were obtained by determining the initial and final 
concentrations of the substrates. Oxaloacetate, pyruvate, and propionyl CoA 
were measured in one aliquot of the deproteinized reaction mixture using sequen- 
tially malic dehydrogenase, lactic dehydrogenase and then propionyl carboxylase, 
pyruvokinase, and lactic dehydrogenase. The determination of propionyl CoA 
is based on the assay of Tietz and Ochoa." 

The methylmalonyl CoA was determined in a second aliquot of the deproteinized 
solution after removing the residual oxaloacetate with malic dehydrogenase. This 
was done by adding transcarboxylase, pyruvate, and DPNH and measuring the 
oxaloacetate which was generated from the methylmalonyl CoA (see reactions 4 
and 5). 

It was found advantageous to start from the propionyl CoA side of the reaction 
because one obtains the natural form of methylmalonyl CoA. It has been found 
difficult to determine with precision synthetically prepared methylmalonyl CoA 
by the transcarboxylase reaction, probably because the unnatural isomer is not 
utilized by the enzyme and may even be a competitive inhibitor. 

The stoichiometry of the transcarboxylase reaction is such that the decrease in 
the propionyl CoA concentration should be equivalent to the decrease in the oxalo- 
acetate concentration and equal to a corresponding increase in the methylmalony] 
CoA and pyruvate. Table 4 shows that this requirement is met. The results 
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support the hypothesis that the transcarboxylation reaction proceeds according to 
reaction (1) 


TABLE 4 
STOICHIOMETRY OF THE METHYLMALONYL-OXALOACETIC TRANSCARBOXYLASE REACTION 
(propionyl CoA + oxaloacetate @ methylmalonyl CoA + pyruvate) 


Difference Methyl Difference 
Time of Propiony! from initial malonyl Oxalo from initial 
incubation CoA propiony! CoA CoA acetate oxaloacetate Pyruvate 
min) (umole) (umole) (umole) (umole) (umole) (umole) 
0 0.66 0.00 0.34 0.03 
5 0.40 0.26 Q.22 0.13 0.21 0.23 


+) 0.95 0.37 0.36 0.31 0.37 0.40 


* Initial amounts of substrates were doubled. 


The reaction mixture (0.5 ml) contained in wmoles: Tris-HCl buffer, 15; glutathione, 3.0; 0.15 units of trans 
carboxylase (Table 1, Step 4, 48 to 60) and propionyl CoA and oxaloacetate (pyruvate by spontaneous breakdown) 
as shown at 0 min. In No. 3, the concentration of substrates was doubled. The reactions were stopped by addi 
tion of 0.3 ml 10 per cent TCA and were centrifuged. This was done in No. | just prior to the addition of the trans 
carboxylase. Incubation was at 30° for 5 min. 

For determination of the oxaloacetate the reagents were as follows: 0.4 ml 4 the deproteinized samples of Nos. 
1 and 2 and 0.2 ml of No. 3, 30 wmoles Tris-HCl buffer pH 7.0, 0.3 umoles DPNH, Tris base 0.4 M (0.23 ml or 0.12 
ml) to neutralize the TCA. The reaction was started with an excess of malic de co ci nase. Volume = 0.78 ml., 
0.5 em cuvette. After completion of this reaction more DP NH was added and then an excess of note dehydro 
genase was added for determination of the pyruvate. Volume = 0.81 ml. After this reaction was completed, the 
following re — nts were added for de termination of the propionyl CoA. 4 «moles MgCl, 0.5 umole of glutathione, 
1 wzmole of ATP, 7.5 wmoles of KHCOs, 2 umoles of phosphoenol pyruvate, 0.5 umole of DPNH, an excess of pyru 
vokinase (5 units). The reaction was started with an excess propiony | carboxylase (5 units). Volume = 1.12 ml. 

For determination of the methylmalonyl CoA the reagents were as follows: 0.3 ml of deproteinized Nos. 1 and 
2 and 0.15 ml of No. 3, 30 uwmoles of Tris buffer pH 7.0, 6 wmoles of pyruvate, 1.5 wmoles of glutathione, 0.2 umole 
of DPNH, Tris base 0.4 M (0.17 ml or 0.085 ml) to neutralize the TCA and an excess of malic dehydrogenase (0.5 
units) to remove the oxaloacetate. The reaction was started by addition of 0.3 units of transcarboxylase. Volume 

0.7 ml, 0.5 em cuvette. 


Equilibrium of the methylmalonyl-oxaloacetic transcorboxylase reaction: The 
equilibrium of the reaction was determined in a similar manner to the study of 
the stoichiometry except that both the concentrations of the enzyme and the incuba- 
tion period were increased. These changes were made to insure that an equilibrium 


would be attained. Approximately the same values were obtained for the equilib- 
rium constant in all three experiments (Table 5). The variation is considered 
be within experimental error. That the variation is caused by experimental 


error and not by failure to attain equilibrium is apparent since the calculated 
equilibrium is further toward pyruvate and methylmalonyl CoA in experiment 2 
than it is in experiment 1. If equilibrium had not been attained, one would have 
expected the opposite result, since in experiment 2 there was double concentration 
of substrates and the initial substrates were oxaloacetate and propionyl CoA 


TABLE 5 
[EQUILIBRIUM OF THE METHYLMALONYL-OXALOACETIC TRANSCARBOXYLASE REACTION 


(oxaloacetate + propionyl CoA = pyruvate + methylmalonyl CoA) 


Time of Oxaloacetate Propionyl Methylmalonyl [Pyruvate ][MMCoA]} 
incubation (OA) CoA Pyruvate CoA(MMCoA) [OA][Propionyl CoA] 
(min) (umole) (umole) (umole) (umole) Ceq 
10 0.181 0.306 0.362 0.275 1.80 
10 0.384 0.585 0.723 0.586 1.89 
20 0.356 0.567 0.723 0.568 2.02 
* The amounts of substrates were twice those in No. I 
The reaction mixture in No. 1 contained 15 wmoles of Tris-HCl buffer, 3.0 of glutathione, 0.63 wmoles of pro 
pionyl CoA, 0.51¢ wmoles of oxaloacetate (0.04¢ umole of pyruvate) and 0. 75 units of transcarboxylase (Sp. Act. 
6.6, Step 4 30-60 (NH4)2SO, fraction). The concentrations of propionyl CoA and oxaloacetate were doubled in 
No. 2and 3. Volume = 0.6 ml a rature of incubation was 30°, pH = 6.5. The reaction was stopped by 
addition of 0.4 ml of 10 per cent T¢ 
The products were determined as described in the legend of Table 4. 
t Values calculated from determination done directly on the solution of the substrate. 
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Using a value of 1.9 for the equilibrium constant, the AF°39; for the transcar- 
boxylase reaction is calculated to be —3 9 X 10? calories at pH 6.5. 
AF° RT 2.303 log K 
AF ° 303 —1.987 XK 303 X 2.303 log 1.9 —3.9 * 10? calories 


Discussion.—It has been possible by chromatography on cellulose and by am- 
monium sulfate fractionation to obtain the enzyme methylmalonyl]-oxaloacetic 
transcarboxylase free from malic dehydrogenase, lactic dehydrogenase, DPNH 
oxidase, and deacylase. This achievement has permitted the development of an 


optical assay for transcarboxylase by coupling the reaction with either malic de- 


hydrogenase or lactic dehydrogenase. It also has provided an enzymatic method 
for the determination of methylmalony! CoA. 

The transcarboxylase appears to have a broad specificity for the CoA esters. 
This is a very interesting characteristic because it permits the carboxyl group of 
oxaloacetate arising in the Krebs cycle or elsewhere to be utilized in fatty acid 
svnthesis and vice versa. For example, malonyl] CoA is believed to be an inter- 
mediate in the synthesis of fatty acids; clearly, the propionic acid bacteria could 
form malonyl CoA via oxaloacetic transcarboxylation instead of by direct car- 
boxylation with CO»,. It is interesting to consider the possibility that other 
decarboxylations and carboxylations may be found to be coupled reactions and 
that methylmalonyl-oxaloacetic transcarboxylase could be but one example of a 
group of transcarboxylases. At one time, the only type of heterotrophic CO, 
fixation that was known was that of the propionic acid bacteria. Now many types 
of CQ, fixation are known. The same development seems possible for trans- 
carboxylation mechanisms. From the point of view of economy and control of 
cellular reactions, it would seem advantageous to transfer carboxy! groups just as 
ester phosphates are transferred. Carboxyl groups like phosphate anhydrides 
could then be generated and utilized in coupled reactions instead of being generated 
each time that they are required. 

The question of whether or not transcarboxylase in propionibacteria is a single 
enzyme is not answered with certainty. Ultracentrifugation of our best transcar- 
boxylase preparations shows that they contain several proteins. The transcar- 
boxylase activity appears to be associated with a high molecular weight fraction. 
ven if transcarboxylation does not occur via a single enzyme, the mechanism is of 
great interest because it would involve the coupling of enzyme reactions in which 
there was a transfer of carboxyl groups. An understanding of this mechanism of 
transfer would also be of great theoretical importance. Furthermore, the role of 
biotin in this transfer is an important consideration. Obviously, in the case of 
transcarboxylase, if there is an enzyme-biotin-CO. complex,'!~'® it is formed with- 
out the intervention of ATP. 

Preliminary studies with propiony! carboxylase and transcarboxylase have shown 
that CO, is not transferred directly from propiony] carboxylase to transcarboxylase. 
Nor is there a significant transfer even when a large amount of biotin is added. 
Only when propionyl CoA is added do the two enzymes couple. In this case, the 
effect of the two enzymes is to convert pyruvate and CO, to oxaloacetate and the 
propiony! CoA acts catalytically. 
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ATP + CO. + propiony! CoA = methylmalonyl CoA + ADP + P; 
methylmalonyl CoA + pyruvate @ oxaloacetate + propionyl CoA 
Sum: ATP + CQO, + pyruvate @ oxaloacetate + ADP + P; 


Neither the transcarboyylase nor the propiony! carboxylase alone will bring about 
this conversion. This synthesis of oxaloacetate serves to illustrate how trans- 
carboxylase can serve in promoting synthesis through transfer of carboxyls which 
arise in other reactions. The combined action of the two enzymes is comparable 
to that of the enzyme from liver mitochondria which has recently been described by 
Utter and Keech." This enzyme converts ATP, COs, and pyruvate to oxaloacetate, 
ADP, and Pj, requires a catalytic amount of acetyl CoA (or propionyl CoA), and 
is inhibited by avidin. It does not exhibit transcarboxylase activity and appears 
to be a “‘double-headed”’ enzyme which gives the same over-all results as propiony! 
carboxylase and methylmalonyl-oxaloacetic transcarboxylase. 

The free energy of the transcarboxylase reaction is —3.9 X 10° calories. Con- 
sequently, there can be an easy flow of carboxyl groups in either direction; the 


direction of the flow depending on which compounds are continuously being re- 


moved or regenerated. 

Summary.—1. The enzyme system which catalyzes the reversible transfer of 
carboxyl groups from methylmalonyl CoA to pyruvate to form oxaloacetate and 
propiony! CoA has been purified from propionibacteria. The reaction is probably 
catalyzed by a single enzyme which is referred to as methylmalonyl-oxaloacetic 
transcarboxylase. The enzyme may contain biotin, since it is inhibited by avidin. 
No added cofactors are required for the reaction. 

2. The enzyme has a broad specificity for the CoA component. With oxalo- 
acetate as the carboxyl donor acetyl CoA, propiony! CoA, butyryl CoA, or aceto- 
acetyl CoA will serve as acceptor. The specificity for the keto acid component is 
narrow. Pyruvate was the only keto acid found capable of acting as a carboxy! 
acceptor from methylmalony! CoA. 

3. The equilibrium constant of the reaction was found to be 1.9 at pH 6.5 and 
30° and the AF’°393 is calculated to be —3.9 X 10? calories. 

t. The possible role of transcarboxylase in promoting synthesis by transferring 
carboxyl groups between different pathways of metabolism is discussed. 
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METHYLMALONYL ISOMERASE, Il.) PURIFICATION AND 
PROPERTIES OF THE ENZYME FROM PROPIONIBACTERIA* 
By RUNE STJERNHOLM AND HARLAND G. Woopt 
DEPARTMENT OF BIOCHEMISTRY, WESTERN RESERVE UNIVERSITY 
Communicated January 27, 1961 
Evidence has been presented! that the formation of propionic acid from pyruvate 
by the propionibacteria occurs by the following reactions: 
pyruvate + methylmalonyl CoA = oxaloacetate + propionyl CoA 
oxaloacetate + 4 H — succinate 
succinate + propionyl CoA = succinyl CoA + propionate 
succinyl CoA = methylmalonyl CoA 
Sum: pyruvate + 4 H — propionate 


Reaction (1) is catalyzed by methylmalonyl-oxaloacetic transcarboxylase ; 
reaction (2) involves the reduction of oxaloacetate to malate, conversion to fuma- 
rate, and reduction to succinate and is coupled with the oxidation of pyruvate to 
acetate and COs; reaction (3) is catalyzed by propionyl CoA transferase? and 
reaction (4) by methylmalony] isomerase. The methylmalonyl CoA is regenerated 
in this sequence and is recycled. These reactions are very similar to those described 


by Flavin et al.* in their studies of the reverse process, i.e., the utilization of pro- 


pionate by animal tissue. This conversion occurs as illustrated below: 
propionyl CoA + CO, + ATP = methylmalony!l CoA + ADP + P 
methylmalonyl CoA = succinyl CoA 
succinyl CoA + propionate — succinate + propionyl CoA 
succinate = oxaloacetate + 4 H 
oxaloacetate pyruvate + CO: 
Sum: propionate + ATP — pyruvate + 4H + ADP + P 


The main difference of this sequence from the previous sequence is the fixation of 
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CO» in reaction (5) instead of transcarboxylation in reaction (1). Even these 
differences may not exist, since it is quite likely that reaction (5) also occurs in 


bacteria and reaction (1) in animals.! 

Interest in methylmalonyl isomerase was greatly stimulated when it was found 
that coenzymes containing vitamin By derivatives are required for this reaction. 
The “By-coenzymes”’ were first discovered by Barker and co-workers‘ during their 
studies of glutamate, 8-methylaspartate isomerization by Clostridium tetanomor- 
phum. Smith and Monty® then observed that methylmalony! isomerase activity 


was lower in livers from By-deficient rats than in livers from normal rats, and 
Gurnani ef al.6 demonstrated that the “By-coenzyme”’ (dimethylbenzimidazolyl- 
cobamide) of Barker would restore the isomerase activity of liver extracts from the 
deficient animals. Stern and Friedman’ and Stadtman ef al.° also demonstrated the 
activating effect of this coenzyme; the former used an ammonium sulfate fraction 
of ox-liver extract and the latter a charcoal-treated extract of propionibacteria. 
Barker and co-workers‘ previously had found that the ‘By-coenzyme”’ could be 
removed from their haloenzyme by charcoal treatment. The methylmalony! 
isomerase from animals apparently is not as easily freed of its coenzyme as is the 
bacterial enzyme. Lengyel et al. were unable to resolve the isomerase from kidney 
by charcoal treatment but found that the coenzyme could be dissociated from the 
enzyme by acidification in the presence of ammonium sulfate solution. 

The present work deals with the purification and properties of the methylmalony] 
isomerase obtained from propionibacteria. The preparation is about 200 times 
more active than those previously described. 


Materials and Methods.—The methods and compounds used were the same as those described by 
Wood and Stjernholm.” The dimethylbenzimidazolyleobamide was a gift of Dr. Karl Folkers of 
the Merck Institute. A fresh solution (1074 1) was prepared each week and it was protected 
from light. The propionyl carboxylase was a gift of Dr. 8S. Ochoa, New York University. 

The methylmalonyl isomerase was purified by the procedures described by Wood and Stjern- 
holm.” The cells were ruptured either by sonic disintegration or by grinding in a Waring blender 
with glass beads. The cell-free extract was treated with calcium phosphate gel and fractionated 
with ammonium sulfate. The protein precipitating between 40 to 90 per cent saturation was 
eluted from a DEAE-cellulose column using a series of phosphate buffers of increasing molarity of 
pH 6.8. The methylmalony! isomerase was eluted with 0.15 M phosphate buffer and was asso- 
ciated with a pink color, which was easily observed in the tubes on the fraction collector. Al- 
though the enzyme was eluted from the cellulose column in a broad band (see Fig. 1, Wood and 
Stjernhom," fractions 105 to 115) it was obtained virtually free of methylmalonyl-oxaloacetic 
transcarboxylase, lactic dehydrogenase and malic dehydrogenase. The specific activity of the 
isomerase in these fractions ranged from 0.4 to 3.6 and was quite stable at 4°. The protein content 
was low, therefore the combined fractions (725 ml) were lyophilized and the dry powder was 
placed in a cellulose bag and dialyzed for 12 hr against two liters of distilled water, then for 6 hr 
against one liter of 0.005 M Tris-HCl buffer, pH 7.4 containing 10 mg of cysteine. The volume of 
the dialyzed material was 75 ml. It was made 0.01 M with respect to Tris-HCl buffer and then 
finely ground solid ammonium sulfate was added with stirring to give 90 per cent saturation. 
The pH was maintained at pH 6.8 by addition of 0.4 M Tris base during the addition of the 
ammonium sulfate. The precipitated protein was recovered by centrifuging for 20 min at 20,000 g 
and was dissolved in 3 ml of distilled water. The final enzyme preparation (12 mg protein per ml) 
was stored at —12° and used without further purification; it possessed a specific activity of 3.05 
and although it was contaminated slightly with malic dehydrogenase (specific activity 0.05), 
it was free of lactic dehydrogenase and methylmalonyl-oxaloacetic transcarboxylase activities. 

The isomerase in fractions 116, 117, and 118 (see Fig. 1, Wood and Stjernholm"™) was partially 
separated from transcarboxylase by ammonium sulfate precipitation, The 60 to 80 per cent 
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fraction contained protein with an isomerase specific activity of 2.0, transcarboxylase of 0.28, 
malice dehydrogenase 0.10, and lactic dehydrogenase nil (see Table 1 of Wood and Stjernholm”). 
The above results are typical of several fractionations which have been performed with protein 


extracted from propionibacteria. 


Assay of Methylmalonyl Isomerase.—Most investigators have assayed methyl- 
malonyl isomerase by measuring the rate of incorporation of C'* from either methyl- 


malonyl CoA or propiony! CoA into succinyl CoA. If propionyl-C'* CoA was used, 
it was converted to methylmalonyl CoA by either propiony! carboxylase or trans- 
carboxylase, which was either added or was present in the enzyme preparation. 
The isomerase also has been assayed by determining the rate of formation of suc- 
cinyl CoA from unlabeled methylmalonyl CoA. Beck et al.'’ hydrolyzed the suc- 
cinyl CoA and then determined the succinate with succinoxidase. Stadtman et al.* 
utilized the marked difference in the heat stability of the two CoA esters, methyl- 
malonyl CoA being stable at 100° for 2 minutes at pH 6.0-7.0, whereas succinyl 
CoA is completely destroyed by this treatment. 

The present assay consists of a coupled reaction catalyzed by the enzymes, 
methylmalony] isomerase, methylmalonyl-oxaloacetic transcarboxylase, and malic 
dehydrogenase. Succinyl CoA, pyruvate and DPNH are the substrates, and the 


reactions are as follows: 
succinyl CoA = methylmalonyl CoA 
methylmalonyl CoA + pyruvate @ oxaloacetate -++ propionyl CoA 
oxaloacetate + DPNH + H+ @ malate + DPN*+ 


Under optimum conditions in the presence of excess malic dehydrogenase and trans- 
carboxylase, the rate of the DPNH oxidation is linear with time and proportional to 
the concentration of methylmalonyl isomerase (see Fig. 1). To obtain the maxi- 
mum reaction velocity, a relatively high concentration of succinyl CoA (1.5 X 
10~* MM) is required. The transcarboxylase must be quite free of isomerase and was 
prepared by selecting from the DEAE cellulose column fractions which possessed 
high transcarboxylase and low isomerase activity. A 40-60 per cent ammonium 
sulfate fraction was prepared to separate the transcarboxylase from the isomerase, 
and occasionally the resulting fraction was purified by a second passage through a 
DEAK cellulose column. 

The above procedure could be used to assay the eluates from the cellulose column, 
since those fractions which contained methylmalony! isomerase were free of DPNH 
oxidase or lactic dehydrogenase activities. When the latter enzymes were present, 
the assay was performed by coupling the isomerase with the transcarboxylase and 
the resulting oxaloacetate was determined with malic dehydrogenase after de- 
proteinization. The reaction mixture contained 10 umoles of pyruvate, 1.5 umoles 
of succinyl CoA, 30 wmoles of Tris-HCl buffer (pH 7.4), 2.5 umoles of glutathione, 
transcarboxylase (0,1 units), the isomerase preparation, and water to give a final 
volume of 0.5 ml. After incubating at 30° for 15 min, the reaction was terminated 
by the addition of 0.4 ml of 10 per cent trichloroacetic acid. The mixture was held 
in an ice bath for 10 min and then centrifuged to remove the precipitated protein. 
The oxaloacetate formed in the reaction was determined by adding 0.5 ml of the tri- 
chloroacetic acid extract to 160 umoles of Tris base, 100 wmoles of Tris-HCl buffer, 
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pH 7.4, and 0.35 umoles of DPNH contained in a cuvette possessing a 1-cm light 
path. The reaction was initiated by the addition of an excess of malic dehydro- 
genase (0.5 units). The total volume in the cuvette was 3.0 ml. Since most of the 
crude enzyme preparations contained transcarboxylase, it usually was not necessary 
to add the purified transcarboxylase. 

Properties of Methylmalonyl Isomerase.—Stability: The purified isomerase 
preparation could be stored at — 10° for two months without loss of activity, when 
assayed under the conditions described in Figure 1. The enzyme could be diluted 
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Fic. 1.—Spectrophotometric assay of methylmalonyl isomerase by a 
coupled reaction with transcarboxylase and malic dehydrogenase. The 
complete mixture contained 25 wmoles of Tris-HCl buffer (pH 7.0), 6 
umoles of sodium pyruvate, 2.5 wmoles of glutathione, 0.15 w moles of 
DPNH, 0.004 u moles of dimethylbenzimidazolyleobamide, 0.25 units 
of malic dehydrogenase, 0.25 units of transcarboxylase, and the isom- 
erase as indicated. The reaction was started by the addition of 1.0 
umole of succinyl CoA. The change in optical density at 340 my was 
measured in a glass cuvette (d 0.5 em). Temperature 23°. Final 
volume 0.6 ml. The solutions were held at room temperature for 4 or 
5 min in the dark prior to the addition of the succinyl CoA. A correc- 
tion for isomerase activity of the transcarboxylase was determined by 
using the above reaction mixture but without addition of isomerase. 
The AOD was 0.007 per minute and was subtracted from the reading 
obtained with the isomerase present. 


either in water or one per cent bovine albumin.solution and maintained at 4° for as 
long as 40 hr without loss of enzymic activity. 

pH optimum: The isomerase functions over a broad pH range with only small 
changes in activity between pH 5.8 and 7.7. 

Cobumide requirements: The isomerase obtained from the DEAK column was 
not completely dissociated from the cobamide coenzyme and possessed some 
activity without the addition of the coenzyme, whereas the enzyme obtained by 
precipitation with 90 per cent ammonium sulfate possessed negligible activity in 
the absence of added coenzyme. The activating effect of the ‘Bi, coenzyme” and 
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the inactivation of the coenzyme by light are illustrated in Figure 2. The isomerase 
activity was measured by the coupled reaction with transcarboxylase and malic 
dehydrogenase. It is seen that after illumination there was practically no isomerase 
activity and the addition of coenzyme (DBC) at 7 min completely restored the 
isomerase activity. Separate experiments have shown that the resolved protein is 


not inactivated by light. 
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Fic. 2.—The effect of dimethylbenzimidazolyleobamide (DBC) on methylmalonyl isom- 
erase and the inactivation of DBC by light. 

Two cuvettes each containing 30 wmoles of Tris buffer (pH 7), 6 wmoles of pyruvate, and 
0.002 umoles of DBC in 0.30 ml of solution were held in an ice bath for 15 min. One was 
illuminated with a 100-watt tungsten lamp at a distance of about 12 inches. To each was 
added 3 ywmoles of glutathione, 0.15 wmoles of DPNH, 0.25 units of malic dehydrogenase, 
0.30 units of transcarboxylase, and 0.012 units of isomerase. The reaction was started by 
the addition of 0.7 wmoles of succinyl CoA. The final volume was 0.6 ml. Temperature 
25°. The optical density was measured at 340 my in a glass cuvette (d 0.5 em). At 
7 min, 0.002 pmoles of DBC was added to the light-treated mixture. 


It has been found by Lengyel et al.° that the kidney isomerase is activated by 
dimethylbenzimidazolylcobamide (K,, = 2.1 & 107° VM) and by benzimidazolyl- 
cobamide (K, = 2.0 X 107-7 MW) and that the adenyleobamide is inactive. By 
contrast, all three coenzymes are active with the isomerase from Propiontbactertum 
shermanit. Using the enzyme preparation described in this report, Lengyel et al.° 
found the K, values to be 2.4 & 107-5 M for dimethylbenzimidazolyleobamide, 





308 BIOCHEMISTRY: STJERNHOLM AND WOOD Proc. N. A. §S. 


1.3 X 10-7 M for benzimidazolyleobamide and 1.0 X 1077 for adenyleobamide. 
Under our conditions of assay, we find in preliminary experiments that the K,, for 
dimethylbenzimidazolyleobamide is 2.1 X 10~* /, which is in good agreement with 
the value found by Lengyel et al.° 

Estimation of Propionyl CoA Transferase and of CoA Deacylase in the Isomerase 
and Transcarboxylase Preparations.—The propionic acid bacteria contain propiony! 
CoA transferase, which catalyzes the transfer of CoA between propionyl CoA and 
succinate, ? reaction (3). For studies of the mechanism of the isomerization, it is 


important that the isomerase be free of this transferase activity. Using an enzyme 
from propionibacteria, Eggerer et al.’ 
malonyl-2-C'-CoA to suecinyl CoA and found 80 per cent of the C'™ in the 3 


position and only 20 per cent in the 2 position of the resulting succinyl CoA. They, 


investigated the conversion of methyl- 


therefore, have concluded that the isomerase reaction occurs by transfer of the CoA 
esterified carboxyl since the C'* would remain adjacent to the esterified carboxy! if 
it were not mobilized. The C'* which was found in the 2 position probably occurred 
because the isomerase contained CoA transferase and deacylase which caused 
randomization of the C' as illustrated below. 


COOH 


CH;—C“H—COSCoA @ COOH—CH.,—CH.—COSCoA 


COOH—C"*H.—_CH.—COSCoA + H.O = COOH—C"“H,.—CH.—COOH + 
HSCoA 


COOH—C"H:—CH:—COSCoA + COOH—C'H:,—CH,—COOH @ 
COOH—C"H:—CH:2—COSCoA 

COOH—C'H.—CH.—COOH + or 
COOH—CH,—C'H»,—COSCoA 


We have established that the isomerase purified by the present procedures is free 
of CoA transferase and deacylase. The propionyl CoA transferase was assayed 
spectrophotometrically by using the following coupled reactions: 


propionyl CoA + succinate @ succinyl CoA + propionate 
succinyl CoA = methylmalonyl CoA 
methylmalony!l CoA + pyruvate = oxaloacetate + propionyl CoA 
oxaloacetate + DPNH @ malate + DPN 


Table 1 shows the results of such an assay. It is seen that the CoA transferase has 
a very low affinity for succinate and the rate of reaction increased with increased 
concentrations of succinate up to 0.03 M. It is noted that there was very little 
reaction when the isomerase and transcarboxylase were tested in the presence of 
heat-inactivated CoA transferase, and therefore it is concluded that both the puri- 
fied transcarboxylase and isomerase were practically free of propionyl CoA trans- 
ferase. 

No deacylase activity for propionyl CoA, methylmalonyl CoA, or succinyl CoA 
was observed in the purified isomerase and transcarboxylase preparations using the 
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TABLE 1 
Assay OF PROPIONYL CoA TRANSFERASE AND THE EFFECT OF THE CONCENTRATION OF SUCCINATE 
ON THE ASSAY 
ALO Das Estimated k 
Succinate per specific activity of 
Conditions m Molar Minute CoA Transferase 
‘omplete 0.007 
‘omplete f 0.045 0.236 
‘omplete : 0.063 0.330 
0.098 0.512 
‘omplete 0.103 0.537 
‘omplete : 0.111 0.580 
‘omplete 0.114 0.605 
‘omplete, CoA transferase in- 
activated by heat By 0.006 
No succinate or CoA transferase 0.002 
No pyruvate 7 0.006 
No propionyl CoA 7 0.004 


‘omplete 


eee ee a 


rhe complete reaction mixture contained in wmoles: propionyl CoA 0.5, DPNH 0.25, sodium pyruvate 6.0, 
glutathione 3.0, dimethylbenzimidazolyleobamide 0.002, Tris-HCl] buffer pH 7.0 30.0, transcarboxylase 122 ug 
0.46 units), methyl malonylisomerase 130 we (0.13 units), malice dehy enase 0.2 units, partially purified CoA 
transferase 40 we (.024 units), and succinate as shown The final v e of the reaction mixture was 0.65 ml. 
The reaction was started by the addition of sodium succinate and the optical density measured at 340 my The 
rate was linear after the first 3 min, and AOD is the average taken over the next 4 min 

The propiony] CoA transferase was prepared from an extract of propionibacteria obtained by sonic disintegration 
of the cells which were grown with glycerol as the substrate The protein of the extract was precipitated with 90% 
ammonium sulfate and was then dissolved in water and dialyzed 11 hr against 5 * 10 V Tris-HCl pH 7.0 con 
taining 1 XK 10°§ M EDTA and! xX 10 V cysteine The dialyzed solution was brought to 40% saturation with 
ammonium sulfate, and the precipitate was discarded. The supernatant solution which contained the propionyl 
CoA transferase was dialyzed for 12 hr as described above 


spectrophotometric method of Stadtman.'* The reaction mixture contained 15 
umoles of Tris-HCl buffer (pH 7), 1.6 wmoles of propiony! CoA, 1.7 umoles of 
succinyl CoA, 1.0 umole of methylmalonyl CoA, 0.26 units of transearboxylase 
(Sp. Act. = 6.0), and 0.68 units of ‘somerase (Sp. Act. = 3.0) in a volume of 1.6 
mlinaO.5em cuvette. Under these conditions, it was observed that there was an 


optical density change of only 0.027 in 30 min at room temperature at 232 mu. 


Additional evidence for the absence of deacylase activity was shown by demon- 


strating that no free thiol groups were formed in the above reaction mixture as 
measured by the nitroprusside reaction. 

Equalibrium of the Methylmalonyl Isomerase Reaction.— There is only one pre- 
liminary report! concerning the equilibrium of the isomerase reaction in which it is 
stated that the equilibrium lies in favor of succinyl CoA by a factor of 50 to 100 
times. In our hands, the ratio of succinyl CoA to methylmalonyl CoA at equi- 
librium has been found to be 10.5 + 1. We bave determined the methylmalony! 
CoA spectrophotometrically in the presence of succinyl CoA using methylmalonyl- 
oxaloacetic transcarboxylase and malice dehydrogenase (see legend of Table 3). 

lor this determination, it is necessary to use a transearboxylase preparation 
which contains little or no isomerase activity. Even with the best transcarboxylase, 
it was found desirable to treat the deproteinized solution from the equilibrium reac- 
tion with light to destroy the “By coenzyme” and to thus further restrict the residual 
isomerase reaction. If the light treatment is used, an excess of transcarboxylase 
can be employed and the determination is complete in a few minutes. However, 
this was true only when the natural isomer of methylmalonyl CoA was being 
assayed; with chemically synthesized methylmalonyl CoA, the initial high reaction 
velocity rapidly decreased and continued for some time at a reduced. rate. The 
explanation for this phenomenon is not certain but it seems plausible that the un- 
natural isomer of methylmalony!l CoA obtained by chemical synthesis is a com- 
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petitive inhibitor of the transcarboxylase and the inhibition would increase as the 
amount of the natural form decreases relative to the amount of unnatural form 
present. 

An attempt also was made to determine the succinyl CoA in the equilibrium 
mixture using methylmalonyl isomerase, transcarboxylase, and malice dehydro- 
genase, but this proved to be impractical due to the partial loss of the succinyl CoA 
during the deproteinization procedure. Typical results are shown in Table 2. In 
this experiment, analyses are shown in which the succinyl CoA was determined 
directly without treatment and when perchloric acid was added prior to the isom- 
erase. It is seen that the recovery of the succinyl CoA was only 75 per cent (No. 


2) when the isomerase was added subsequent to the perchloric acid. Repeated 


experiments have shown that there is loss of succinyl CoA during the precipitation 
of proteins with perchloric acid and that a similar destruction occurs when the 
solution is deproteinized with trichloroacetic acid. 


TABLE 2 
THe DestrRucTION OF SuccinyL CoA DURING DEPROTEINIZATION WITH PERCHLORIC ACID 
Incubation 


at 25 Succinyl CoA 
No Conditions min umoles) 
| No perchloric acid or isomerase 0 0.112 
2 Perchloric acid and then isomerase 0 0.084 75 
3 No perchloric acid or isomerase 12 0.105 94 
1 Isomerase but no perchloric acid 12 0.105* 94 


* Succinyl CoA plus methylmalonyl CoA. 
1 


1.5 ml of solution was prepared which contained 37.5 wmoles Tris-HCl buffer (pH 7.0), 0.003 uwmoles of di 
methylbenzimidazolyleobamide, and 2.35 wmoles of succinyl CoA. From this mixture, 0.2 ml was placed in each 
of 4 tubes Tubes 1 and 2 were a in an ice bath, and the following solutions were added in the order given 
to tube 1, 0.12 ml of HxO and 0 10 ml of 0.5 M Tris-HCl] buffer (pH 6.7), to tube 2,0.05 ml of 2 N perchloric acid, 
0.01 ml of isomerase (Sp. Act 1.2, 300 protein), 0.10 ml of 0.5 M Tris-HCl buffer (pH 6.7), and 0.05 ml of 
2N KOH. 0.02 ml H2O was added to Tube 3 and 0 01 ml of H2O plus 0.01 of the isomerase (Sp. Act. 2 
300 y protein) to Tube 4. Tubes 3 and 4 were held at 25° for 12 min and then 0.1 ml H2O and 0.1 ml of 0 5M 
rris-HCl buffer (pH 6.7) was added to each. 0.15 ml was removed from each of the 4 tubes and added to 0.5 cm 
glass cuvettes containing the following mixture: glutathione, 4.5 wmoles; DPNH, 0.4 wmoles; dimethylbenz 
imidazolyleobamide, 0.002 wmoles; pyruvate, 10 wmoles; malic dehydrogenase, 0.3 units; transcarboxylase, 0.98 
inits; isomerase, 0.24 units Final volume was 0.9 ml. Suecinyl CoA was calculated from the AOD at 340 mp 


The amount of succinyl CoA therefore has been calculated by the difference 
between the original succinyl CoA added to the reaction and the methylmalony] 
CoA present after the reaction. For this caleulation to be correct, it is necessary 
that there be no destruction of the succinyl CoA or methylmalony! CoA during the 
isomerase reaction. Experiments Nos. 3 and 4 of Table 2 were performed to estab- 
lish this fact. In No. 3, the succinyl CoA was incubated at 25° for 12 min in the 
absence of isomerase. The results show that there was little destruction of the 
succinyl CoA during the 12 min. In No. 4, 0.36 units of isomerase were added to 

31 umoles of succinyl] CoA, the mixture was incubated for 12 min, and then the 
total sueciny! CoA plus methylmalonyl CoA was determined without deproteiniza- 
tion by the combined action of isomerase, transcarboxylase, and malic dehydro- 
genase. It is seen that the sum of the two CoA esters was equal to the original 
succinyl CoA concentration. Clearly there was little if any destruction of succiny] 
CoA during the isomerase reaction and therefore it appears reasonable to calculate 
the amount of succinyl CoA present by difference. 

Tables 3 and 4 show typical results of the equilibrium studies. “Pable 3 presents 
data obtained using chemically synthesized succinyl CoA and methylmalonyl CoA. 
The natural isomer of methylmalonyl CoA was used in the experiment of Table 
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TABLE 3 
EQUILIBRIUM OF THE METHYLMALONYL ISOMERASE REACTION 


Experiment 1 


Experiment 2 
Substrate Suceinyl CoA (Sue CoA 


Substrate: Methylmalony!] CoA (MMCoA) 
Deproteinized Sue CoA Deproteinized Sue CoA 
solution by solution by - 
MMCoA Suc CoA difference* [Sue CoA] MMCoA Suc CoA difference* [Sue CoA] 
pwmoles) umoles pmoles [MMCoA] umoles pwmoles pmoles MMCoA] 
3.90 5.287 
3.51 + 84 10 ‘ 1.16 
3.36 4 82 10 1.18 
3.55 1.83 10 : 1.49 
} eS 1.79 9 1.31 
I: 3.2 1.86 1] 
* The Sue CoA by difference was calculated by subtracting the determined value for the methylmalonyl CoA 
from 5.28 in Experiment 1 and from 2.52 in Experiment 2 
t This value was obtained by enzymatic determination using the original solution of succinyl CoA or methyl 
malonyl! CoA Colorimetric estimation'* of the hydroxamie acid derivative gave 8.7 wmoles for the succinyl CoA 
and 5.0 for the methylmalonyl CoA 
Experiment 1. The mixture for the isomerase reaction contained 75 wmoles of Tris-HCl buffer, pH 7.0; 0.012 
pmoles of dimethylbenzimidazolyleobamide and 5.28 wmoles of succinyl CoA in 2.85 ml 
mination, 0.38 ml of the mixture was removed and added to 0.1 ml of 
isomerase solution (Sp. Act. 3.0, 13 mg protein per ml) was added. Tot remaining 2.47 ml of mixture, 0.13 ml 
of the isomerase solution was added and the mixture was incubated at 25°. 0.4 ml was removed at the indicated 
times and added to 0.1 ml of 2 N perchloric acid 0.20 ml of 0.5 M Tris-HCl buffer, pH 6.7 was added to each 
tube and 0.12 ml of KOH (equivalent to perchloric acid The solution was kept in ice for 5 min then centrifuged 
Then the solutions were placed in an ice bath under a 100-watt incandescent light bulb for 15 min at a distance of 
100 em 
Experiment 2 Performed the same as Experiment 1 but 


For the 0 time deter 
perchloric acid then 0.02 ml of the 


instead of the succinyl CoA, the reaction mixture 
contained 5.0 wmoles of methylmalony! CoA by colorimetric determination of hydroxamiec acid derivative 

Determination of methylmalonyl CoA 0.2 ml of the deproteinized solution was added to a 0.5-cm cuvette con 
taining 70 wmoles of pyruvate, 0.2 wmoles of DPNH, 3.5 wmoles of glutathione, 0.3 units of 
and 0.06 units of transcarboxylase (Sp. Act 6.0) Total volume 0.7 ml 
addition of the transcarboxylase 


malic dehydrogenase 
The reaction was started by the 
rhe 0 time of Experiment 1 gave an optical density change of 0.001 per min 
This reading was considered to be the endogenous reading and was subtracted from all the optical density changes 
observed with the other samples. With the 0 time sample, it required 25 min for the reaction to be complete in 
Experiment 2 

Jetermination of succinyl CoA After the above reaction was complete, 0.15 wmoles of DPNH was added and 
then the reaction was started by addition of 0.002 ywmoles of dimethylimidazolyleobamide, 0.14 units of trans- 
carboxylase (Sp. Act 6.0), and 0.008 units of isomerase (Sp. Act 3). rhe O time of Experiment 2 gave an 
optical density change of 0.0005 per min This reading was considered to be the blank \ i 


alue and was subtracted 
from the optical density change observed with the other samples 


TABLE 4 


I QUILIBRIUM OF THE METHYLMALONYL [ISOMERASE REACTION 


malo oA (MMCoA 
Deproteinized soluti Suc CoA by 

rime MMCoA 
(rain) pmoles 
0 0.924 
0.307 3f 0.617 

0.107 j S17 

0. O89 52 835 

é 0.093 oO 831 
I: 0 .O87 


lifference 


pmoles ‘ ‘ MMCoA 


837 


Preparation of methylmalonyl CoA The reaction mixture contained 2.0 wmo f propionyl CoA, 7 
Tris buffer (pH 7.8), 2.5 wmoles of glutathione, 5 wmoles of ATP, 75 wmoles of KHCOs, 4 wmoles MgCl nd 0.65 
units of propionyl carboxylase in 1.00 ml Incubation was for 15 min at 30 The solution was deproteinized 
with 0.25 ml of 2 N perchloric acid and neutralized with 2 N KOH Yield of methylmalonyl CoA by enzymatic 
determination was 1.25 wmoles 

Isomerase reaction Performed as described in Table 2 except the vol 
mixture contained 0.97 wmoles of MMCoA 

Vethylmalonyl CoA and succinyl CoA 


oles of 1 ¢ 75 umoles of 
a 


imes were reduced by one-half and the 


determination Performed on 0.2 ml of the deproteinized solution as 
described in Table 3. Tho determination of the methylmalonyl CoA was complete in 4 min with the O time 
sample, whereas it required 25 min with the chemically synthesized methylmalony! CoA in Experiment 2, Table 


2 3 


In Experiment 1, it is noted that less succinyl CoA was found in the deproteinized 
solution at 0 time than was added to the mixture. 


There was destruction of the 


succinyl CoA during the deproteinization just as illustrated in Table 2. The sue- 


cinyl CoA was stable, however, in the neutralized deproteinized solution. No loss 


of the ester was observed even after 24 hr at 0 There was little if any destruction 


of the methylmalony! CoA during deproteinization. In Experiment 2, 5.0 umoles 


of methylmalony! CoA were found present by the hydroxamie acid reaction'® and 
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2.52 ymoles were found by enzymatic determination at 0 time after deproteination. 
This value is in accord with the conclusion that only one isomer is biologically 
active. In Experiment 3 in which 0.97 umoles of the natural methylmalonyl CoA 
was added, 0.924 uwmoles was recovered in the deproteinized solution at 0 time. 

The ratios of succinyl CoA to methylmalonyl CoA of Tables 3 and 4 have been 
calculated using the value of the succinyl CoA as estimated by difference from the 
amount of added CoA ester. It is seen that very nearly the same ratio was ob- 
tained starting with either succinyl CoA or methylmalonyl CoA. The values of the 
ratio in Table 4 with the natural isomer of methylmalonyl CoA were a little lower 
than in Table 3, but the determinations were subject to considerable error in the 
latter case because the quantity of methylmalonyl CoA at equilibrium was quite 
small. It is noted that equilibrium was attained more rapidly using succinyl CoA 
as the initial reactant than with methylmalonyl CoA. 

Using a value of 10.5 for the equilibrium constant, the AF 29g for the isomerase 
reaction is calculated to be —1.4 X 10° calories at pH 7.0. 


Al’ = RT 2.303 log K 
AF’o93 = —1.987 X 298 X 2.303 log 10.5 = —1.4 X 10° calories 


Summary.—Methylmalony] isomerase from propionibacteria has been purified by 


chromatography on a cellulose column and by ammonium sulfate fraction. The 
activity obtained was about 200 times greater than that of previously reported 
preparations. The isolated enzyme is resolved from ‘By coenzyme” and is re- 


activated by the addition of coenzyme. The enzyme is free of lactic dehydrogenase 
methylmalonyl-oxaloacetic transcarboxylase, malic dehydogenase, CoA deacylase, 
and propiony! CoA transferase. 

A spectrophotometric assay for the isomerase has been developed in which this 
enzyme is coupled with methylmalonyl-oxaloacetic transcarboxylase and malic 
dehydrogenase. Propionyl CoA transferase has been assayed spectrophoto- 
metrically by coupling it with isomerase, transcarboxylase, and malic dehydro- 
genase. 

The equilibrium constant, [succiny! CoA]/|methylmalonyl CoA], was found to 
be 10.5 for the isomerase reaction at pH 7.0, and 25°. The AF a9 is calculated to 
be —1.4 X 10? calories. 
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THE IONIC CENTRIFUGE AND FUSION NUCLEAR POWER 
By JOSEPH SLEPIAN 
1115 LANCASTER STREET, PITTSBURGH 18, PENNSYLVANIA 
Communicated December 27, 1960 


The lonic Centrifuge.—By lonie Centrifuge is meant a central low-voltage are 
source of ionization maintained at low voltage at the center of a rather long circular 
cylinder through which a longitudinal magnetic field passes. The end plates which 
bound the vacuum space longitudinally are maintained at one voltage; the cylinder 
which bounds the space circumferentially is maintained at another voltage. The 
anode of the are is taken as zero voltage.'~* (See Fig. 1.) 

The Discharge in the Ionic Centrifuge Violates the Usual Rules of Magnetohydro- 
dynamics.—Let a voltage other than zero be applied to the end plates. Then 


charged particles of one sign are drawn to the end plates; charged particles of the 


opposite sign are repelled. A space charge sheath forms adjacent to each end 


plate. The space charge sheaths have a high electric gradient parallel to the 
magnetic field, violating the principle that in a hydromagnetic discharge the electric 
field is everywhere perpendicular to the magnetic field.* * 

This high electrical potential gradient parallel to the magnetic field causes the 
induced current in the gas to have large components parallel to the magnetic field. 
It causes the derivative of the parallel component of the current density along the 
direction of the magnetic field to be large. It causes a circulating circumferential 
component of the magnetic field to exist. It causes a relatively large radial com- 
ponent of the mean velocity of the particles of the gas to exist. It makes large 
positive or negative radial derivatives in the mean random velocity of the electrons 
and ions. 

Iixpressed in terms of the components of electric and magnetic fields, the following 
are no longer true. The mean motion of the gas is no longer given by [EF X B]/B?, 
where / and B have the usual significance, and the motion of the gas is not cireum- 
ferential only. Although the intrinsic conductivity of the gas is high, the lines of 


magnetic force do not travel in any sense with the gas 
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Discharge in the lonic Centrifuge When the End Plates Are Negatively Charged 
and the Cylinder Floats at Negative Voltage.-(See Figs. 1-3.) The one type of dis- 
charge actively studied experimentally for thirteen years was with negative voltage 
upou the end plates, and the cylinder insulated and thus floating. We discuss the 
properties of this discharge with assurance based on vast experience. 

The ionization given off by the are in our experiments was in most cases ions of 
uranium and electrons. The floating voltage of the cylinder stayed nearly equal 
to that of the end plates until the Larmor voltage for the ion, V = (—e, 82c?M) B?r?, 
was reached, ./ being the mass of the ion, B the flux density, 7 the radius of the 
cylinder, e the charge of an electron, and ¢ the velocity of light. Larger values of 
voltage on the end plates gave no further increases in voltage on the eylinder 
(Fig. 2). When in this condition the end plates drew one-half the ions and no 
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Fig. 1.—The Ionie Centrifuge 


electrons, and the cylinder, the remaining half of the ions and an equal number of 
electrons (ig. 3). By varying B and r, the Larmor voltage was varied from —30 
volts to —2,000 volts. By varying the are current up to 100 amperes, the ion 
current was varied up to 10 amperes. A small amount of experience was obtained 
with the plates energized positively and, while differences existed, the general 
results were the same. 

The passage of electrons from the are to the cylinder against the opposing voltage 
gradient was a mystery we had to accept. This dilemma was solved in the Letter 
to the Physical Review,’ but two years were spent in vain efforts to get other physics 
journals to publish it. We learned then that the energies of random motion of ions 
and electrons per single particle when expressed in volts about equaled the voltage 
of the central part of the discharge. 
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The above characteristics of the discharge, especially the growth of the energy of 
random motion of the ion and electron with the radius were amply illustrated by 
the numerous discharges obtained with negative voltage on the end plates and the 


cylinder insulated and floating. 
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Fic. 3.—Ionic centrifuge with negative voltage and cylinder floating. 


Discharge in the Lonie Centrifuge When the End Plates Are Positively Charged and 
the Cylinder Is at Zero Voltage. Although no runs were made under these conditions 
up to the time our work was stopped, we believe that our experience with the runs 
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made in the preceding section enables us to predict with some confidence what we 
might expect for these runs. We assume as before that the end plates and cylinder 
absorb all icas and electrons which reach them. 

l‘irst consider the voltages and gradients produced in the Ionic Centrifuge by a 
positive voltage on the end plates, a zero voltage on the cylinder, and a zero arc 
current for the are (Fig. 4). The problem is one of pure electrostatics. Taking the 
voltage on the end plates as 100, we have a voltage maximum on the mid-plane 
when it is surveyed radially of, say, 50 volts, and this same point has a voltage 
minimum of 50 volts when the survey is made axially. At the right of Figure 4 is 
shown the electric field. The lines of force lead away from the end plates. They 
bend inwards toward the are electrodes. They bend outwards toward the cylinder. 
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Fic. 4.—End plates: positive voltage. Cylinder: zero voltage. Are 
current: zero. 


Now let the are current be a finite value (Fig. 5). The density of ionization will 
be at a maximum at the central plane and will be nearly zero near the end plates. 
Let us assume a finite value within, and a zero value without, two boundary surfaces 
going from the short are outwards, up and down, to the evlinder. 

Now the mobility of the electron parallel to the magnetic field is very high. 
Consequently the electric field as described will first draw electrons up and down 
to the boundaries of the discharge, where they will produce an electric field parallel! 
to the magnetic field. But in the discharge itself, the current of electrons forward 
would be limited to a small value by the space charge of the electrons, with the 
positive ions repelled, if the random velocity of the positive ions and electrons did 
not increase. [If a real current limiting space charge developed, a reversed field 
would be produced at the place where it started, and positive ions would be brought 
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in to annul this effect.?> * We conclude that the positive ions do develop a random 
velocity and with them the electrons also, so that the positive ions advance against 
the opposing field. Thus the loss of electrons to the boundary of the discharge 


causes the potential of the central part of the discharge to increase, and at the same 


time the random energy of ions and electrons also increases, so that the mean 
motion of the positive ions against the electric field becomes understandable. 

Now as we approach the cylinder the potential of the main discharge must drop 
to zero again. But now the electrons which would be retarded have random 
energy which they can lose with that of the positive ions as they go against the 
opposing electric field. They will reach the cylinder when their random energy 
with that of the ions is low. At the same time the electrons which’ had left the 
main discharge for the boundaries now return to the main discharge again. 


100 V 100 V 


y 


100 V 100 V 
































Fic. 5.—End plates: positive voltage. Cylinder: zero voltage. Are 
current: finite. 


Of course there will be a continuous loss to the end plates of a small space charge 
limited electron current. 

Induced Currents in Aforesaid Discharge.—Of course there will be currents induced 
in the gas as the electrons recede out of and then reassemble into the gas of the main 
discharge. Figure 6, left, shows these currents, but the dense currents flowing 
reversely at the top and bottom of the main discharge are not shown. 

Figure 6, right, shows the potential in the main discharge. The voltage gradient 
of the central discharge which also shows the amount of circulating circumferential 
electric current is also shown. 

Application to Nuclear Fusion Power.—The energy of random motion of the ions 
proceeding from the are to the cylinder is most remarkable. It shows first an 
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increase to very high values to a maximum, and then a decrease to a low value 
again at the cylinder where they are caught. Owing to the high positive potential 
on the end plates, they are not caught on any conductor while they have the high 
random energy. A small fraction of the electrons due to space charge are caught 
upon the end plates. This is ideal containment of high voltage ions for fusion 
nuclear power. 

For fusion we take for the working gas a fuel which will undergo fusion at a high 
temperature, such as deuterium, ;,H®. We will admit it to the vacuum chamber 
through a tiny hole in the hollow anode opposite the cathode where it is ionized by 
an electron stream from the cathode. 

It will proceed outwards, reaching a temperature high enough for ample fusion to 
take place, and then reduce its temperature on discharging to the cylinder. It will 
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Fic. 6.—Currents in gas. Voltage on central plane. 


pass out of the vacuum through vents in the cylinder. It may then be pumped to a 


high pressure again, the helium formed in it removed, and the gas readmitted to the 
hollow anode. 

The products of the fusion reaction, the very high energy electrons, protons, and 
neutrons will be caught on the end plates and the cylinder, and give up their high 
energy. The end plates and cylinder may then be the boilers for the thermo- 
dynamic engines supplied by the nuclear fusion power. 

A high-enough magnetic field should be used so that a positive voltage of 100,000 
volts may be applied to the end plates. Ten thousand gauss will more than suffice 
for this purpose. 

The electrostatic field of 100,000 volts gives the additional containment means 
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needed for the high-voltage ions, not provided for by the magnetic field in the 
schemes already being used so far without success. 

Summary.—The lonie Centrifuge is briefly described. The discharge in this 
device violates the usual rules of magnetohydrodynamics because of the high electric 
field parallel to the magnetic field in the space charge affected boundaries.® * The 
kinetic energy of random motion of the particles is proportional to the voltage 
which the main discharge holds at each point. By causing this voltage to rise to a 
high positive value and then drop to zero at the cylinder, the ions are not collected 
when their kinetic energy is high, but only at the cylinder where this kinetic energy 
is low again. The suitability of this arrangement for nuclear power converters is 


pointed out, 
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PRESSURE SHOCKS IN VISCOUS HEAT-CONDUCTING GASES* 
By T. Y. THomMas anpb C. R. Epstrom 
GRADUATE INSTITUTE FOR MATHEMATICS AND MECHANICS, INDIANA UNIVERSITY 


Communicated January 11, 1961 


1. IJntroduction._Let X(t) be a wave surface or boundary of a disturbance which 
is propagated in a viscous and heat-conducting gas. Since the gas is viscous, it is 
commonly assumed that the velocity is continuous over the surface 2(t); this im- 
plies that the density is also continuous over S(t) on account of the following dy- 
namical or shock condition (3). Thus, it is natural to assume that the pressure is 
likewise continuous over the surface 2(¢). But it can then be shown from the basic 
equations for the behavior of the gas (see section 3) that all first and higher-order 
derivatives of the velocity, density, and pressure must be continuous over the sur- 
face X(t); in other words, the surface 2(é) fails to bear a discontinuity of any order 
and hence one is led to consider a wave of finite thickness. There is, however, no 
mathematical or physical necessity to require the continuity of the pressure over 
the surface =(¢). Assuming a discrete discontinuity in the pressure while imposing 
the recognized condition that the velocity is continuous over the surface L(t), we 
arrive at the concept of the pressure shock which would appear to merit considera- 
tion when dealing with waves, e.g., blast waves, where pressure effects are of pri- 
mary concern. 

In this communication, we shall treat the problem of the propagation of pressure 
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shocks into an ideal gas which is uniform and at rest with viscosity and thermal 
conductivity different from zero. We assume the following boundary conditions, 
appropriate to this problem, namely, 


dT 
= 0; -~ = 


0, (1 
dn dt 


where the v; are the velocity components, p is the pressure, and T is the tempera- 
ture; the bar appearing in the relations (1) denotes evaluation on the rear or flow 
side of the shock surface =(t). The first set of relations (1) expresses the condi- 
tion that the velocity vanishes immediately behind the surface 2(¢) and thus con- 
tains the requirement that the velocity be continuous over =(¢), since the velocity 
vanishes in front of the wave =(t) by hypothesis. The pressure condition in (1) 
states that the normal directional derivative of the pressure vanishes on the flow 
side of =(¢); this condition is suggested by the usual pressure condition in boundary 
layer theory and is applicable because of the obvious similarity between the flow in 
the immediate neighborhood of the surface 2(¢) and the flow surrounding a moving 
body in a viscous fluid. The last equation (1), involving the total time derivative of 
the temperature 7’, expresses the condition that the temperature of a material par- 
ticle has a stationary value at the instant of its contact with the rear of the surface 
>(t); due to the fact that the velocity vanishes on the surface Z(t), this condition 
can also be written as 


oT 
—— a {i (2) 
Ot 


We have investigated specifically the variation of the velocity of pressure shocks 
and also the variation of the discontinuity in the pressure over such shocks during 
their propagation. On the basis of the general results obtained, it is shown, briefly 
stated, that the successive positions of the wave surfaces 2(¢) in space form a family 
of parallel surfaces provided the velocity is constant over one of the wave fronts; 
for a detailed and accurate description of the results, the reader is referred to the 
discussion in the following article. 

2. Shock and Compatibility Conditions—Consider the general dynamical or 


shock conditions! 
piv, — G) 
[oi |v’ ) ') [v4], (4) 
[o,e'}v? + Jk[T {vi = p(v, — G)[E], (5) 


in which the usual summation convention is employed and the comma denotes 
1 


differentiation with respect to the coordinates x‘ of a rectangular system, as- 
sumed dynamically admissible, to which the motion of the gas is referred. The 


bracket denotes the difference in the values of the quantity enclosed at contiguous 


points on the two sides of the surface Z(t); we assume, for definiteness, that the 
bracket stands for the value of the quantity in question immediately behind the 


shock surface 2(¢) minus its value in front of the shock. Let us also suppose that 
the unit normal v to the surface =(t), whose components v‘ enter in the above equa- 
tions, is directed into the uniform region into which the wave is propagated; then 
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the normal velocity G of the surface (¢) will have a positive value. As in the pre- 
ceding section, the bar is used to denote the value of a quantity immediately behind 
the surface S(t); thus @, is the normal component of the velocity on the flow side 
of X(t) while v,(= 0) is the corresponding velocity in front of the surface; similarly, 
p and j denote the values of the density on the front and rear sides of the surface 
Y(t). Other quantities occurring in the above relations are the covariant and con- 
travariant velocity components, i.e., the », and v‘', which have equal values in the 
rectangular system employed, the thermal conductivity /, the mechanical equiva- 
lent of heat J, the temperature 7’, the stress components o;; and the total energy 
FE per unit mass. The latter quantities are given by the equations! 


a — pbi; — Fuvde.x6i; + w(di.g + 25.4), (6) 
E BU V4 + Jc,T + const., (7) 


in which p is the pressure, uw the coefficient of viscosity and c, the specific heat at 
constant volume; the value of the constant in (7), which depends on the selection 
of the zero point of energy, will not be needed in the following discussion. 

Since v, = 3, = Oand G # O by hypothesis, it follows from (3) that p = §, Le., 
the density is continuous across the surface =(¢). Due to the continuity of the 
velocity and density over =(é), the compatibility conditions of the first order for 
these quantities have the following form? 


Ov; Ov; , 
Ay;; —XG, (8) 
ot Ot 


fe) Op 


y 


where A; and ¢ are functions defined over the surface Z(é). Now [v;] = 0 by hy- 


pothesis. Hence, when we combine (4) with (6) and make use of the first set of 
equations (8), we find that 


(plu; + Fudgrer; MA, + pAgYEY;. (10) 
Let us represent the surface =(¢) parametrically by functions «‘(u', u?, t) and let 
us denote by x the derivatives of the space coordinates x‘ with respect to the 
parametric coordinates u*; we assume that Z(t) is regular in the sense that the 
functional matrix 2, has rank 2 at points of this surface. Now the quantities 
rg for @ fixed are the components of a vector in the space which is tangent to the 
surface 2(t). Hence, when we multiply the equations (10) by x; and sum on the 
repeated index 2, we find from the resulting equation that the A, are the components 
of a vector normal to the surface. Thus, we can write 


Aa = Am, (11) 


where \ is a scalar function on the surface Y(t). It follows from the first set of 
equations (8) and the equations (11) that the rotation of the velocity vanishes im- 
mediately behind the surface Z(é), i.e., 2(é) is an irrotational wave. Correspond- 
ingly, we have 

pc,G 


[p] = aud; [Ty = —™ 


[7]. (12) 
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In fact, the first equation (12) is obtained by multiplying (10) by v‘, summing on 
the index 7, and making use of (11); the second equation (12) results immediately 
from (5) and (7) in view of the fact that the velocity vanishes on the surface 3(¢). 

The first relation (12) provides us with an equation for the discontinuity [p] in 
the pressure. To obtain a corresponding equation for the discontinuity [7'] in the 
temperature, we have recourse to the relation between the pressure, density, and 
temperature in an ideal gas, namely, 


p = J p(ep —_ Car, (13) 
in which ¢, is the specific heat at constant pressure. Thus, we find that 


arr a oe ~ — (14) 
od (Cy — Cs) p 3Jk(y — 1) 
where the first of these equations is obtained immediately from the first equation 
(12) and the relation (13), while the second is found by elimination of [7'] between 
the second equation (12) and the first of the above equations; the quantity y in the 
second equation (14) is the gas constant and is defined as the ratio c,/c,of the two 
specific heats, which are assumed to be constant in this theory. 

We have so far used only the first of the boundary conditions (1). When ac- 
count is taken of the second of these conditions, it is now readily seen that the com- 
patibility conditions of the first order for the pressure and temperature are given 
by equations of the form? 

2 Op 5A 


= (15) 
ot mn 


; { 
[pil = Ba = 5 ug rah ip; | 
o 


T= T= - p14 
. : 3aJk(y — 1) 


| OT 4a? nq ‘ 
ot} ot 3/kK(y—1)  3BJ(e, — cp al 


in which the quantities x;, are identical with the quantities x, as previously de- 
fined; also the g* in the above equations are the contravariant components of the 
fundamental metric form of the surface 2(t), the \.2 are the surface derivatives and 
65\/ dt is the 6 time derivative of the scalar \(u, t) which occurs in the equations (11). 

3. The Basic Differential Equations.—The differential equations for the deter- 
mination of the behavior of the gas under consideration are furnished by the equa- 
tion of continuity 


Op ” 
+ p.vit ps1 = 0, (17) 
Ot 
the three second-order Navier-Stokes equations and the second-order equation 
for the distribution of temperature.' When these equations are combined with 
the preceding equation (13), we have a system of six equations in the six dependent 
variables consisting of the pressure, density, temperature, and the three com- 
ponents of the velocity. The above second-order equations have not been written 
down explicitly since they are not needed for the derivation of the results of this 
article. 
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It follows immediately from the compatibility conditions (8) and (9) and the 
above equation (17) that 


cG = pr, (18) 


where p is the constant density of the gas in front of the shock wave. Differenti- 
ating (13) with respect to x‘ we are led to the relations 


[ps] = Jo(ep — €,)[T1] + J (ep — €)[0.47']. (19) 
But [o.iT] = [eo J(T) + Tle], (20) 


where 7’ is the constant temperature in the uniform region in front of the shock; 
these relations are easily deduced from the meaning of the brackets and the fact 
that the density is constant in front of the shock surface =(t). Multiplying (19) 
by v‘ and summing on the repeated index 7 we now find that the resulting equation 
can be written in the form 


oY } MC, 
G2 ey ae ees 2 (21) 
1P p (> "3" ) k 


when use is made of the equations (9), (13), (14), (15), (18), and (20); the constant 
P which is defined by the second equation (21) is the well-known Prandt] number. 

The second term of the parenthetical expression in (21) is equal to the discon- 
tinuity [p] in the pressure from the first equation (12). Hence we can state the 
following result: For weak shocks, i.e., for sufficiently small values of the discontinuity 
[p], the velocity G of the shock ts given approximately by 


er 3YpP 


4. Variation in the Velocity and Strength of the Shock Wave during Propagation. 


It follows immediately from the third boundary condition (2) and the last com- 
patibility condition in (16) that 


c AG? 1 6x 
+ 
k p ot 


(29) 


Now let 2(t) represent the position of the wave surface at time ¢ = ft) and denote 
by o the distance measured from Y(to) along the normal trajectories to the family 
of surfaces Z(t) in the direction of the propagation. The above quantity \ can be 
regarded as a function of the distance o along each normal trajectory. Hence, 
we can write 

rN Gh 2pPG? dG 

= G - ; 

ét do yu do 
when use is made of the equation obtained by differentiating (21) with respect 
too. Substituting this expression for 6\/6¢t into (22) and eliminating the quantity \ 
by means of the relation (21), we obtain the following differential equation 


IG ° 3 
Se die («* _ 4 (23) 
do 2k 4P p 
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for the variation of the velocity G along the normal trajectories to the family of 
spatial wave surfaces 2(t). 

If Go) denotes the wave velocity at points of the surface Y(t) we have 
a V(e cosh wo + V sinh =” 


= 


Go sinh wo + V cosh wo 


by integration of (23), where 


n= 


7 a o> 
4Pp 2k 1Pp 


“ae qo”. PCy o/3YP 


i.e., the equation (24) gives the velocity of the wave along the normal trajectory 
which passes through a point on the surface 2(to) at which the velocity has the value 
G. <A corresponding expression giving the variation in the strength of the wave 
as measured by the discontinuity [|p], or by the ratio [p]/p, is immediately obtained 
by combining the first equation (12) and the equations (21) and (24). We see 
from (24) that 
Is 
G —> \ °YP 
2 
4Pp 


It follows from this result and the equation (21) that [p] ~ 0 as o> ©, Le., the 
wave is damped out as it progresses indefinitely. 

5. Waves as Parallel Surfaces.—Putting G = do/dt in (24), we obtain a differ- 
ential equation for the determination of o as a function of the time ¢; the solution 
of this equation is given by 


y ro y (3p/8p) Or 
G) cosh wo + V sinh wa = Gye???" (25) 


subject to the initial condition ¢ = 0 fort = 0. Assuming Gp is constant over the 
surface Y(t), the value of o as determined from (25) will depend only on the time 
t, i.e., the distance will be independent of the trajectory along which this distance 
is measured. It follows, therefore, from (24) that the velocity G must be constant 
over the surface Z(t) at any given time ¢t > f although the value of G will depend 
on the spatial surface (t). Hence, the surface derivatives Gj = 0, and it follows 
therefore from the formula? for the 6 time derivatives of the components. »’ 
that 6v'/6¢ = O at all times ¢. But this implies that the normal tra- 
jectories to the family of surfaces Z(t) will be straight lines and hence these surfaces 
will be parallel surfaces.* 

Let us now assume, for definiteness, that the surface =(f), which we have sup- 
posed to be regular (see section 2), is also convex in the sense that the straight line 
normals issuing from this surface in the direction of the propagation do not inter- 
sect and hence form a congruence of curves in the space; this condition was as- 
sumed implicitly in the above discussion. It can then easily be shown that the 
successive positions of the wave surfaces Y(¢) in space are regular and convex sur- 
faces. We can now state the following result. Jf the wave surface X(t) fort = b, 
i.e., the surface X(t), ts a regular convex surface over which the velocity G has a con- 
stant value Go, then the successive positions of the wave surfaces 2(t) for t > t will form 
a family of parallel surfaces, which will be regular and convex, and the wave velocity 
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G will have a constant value over each surface of this family. The surface 2(t) for 
t > t) can therefore be constructed from the surface Z(to) by laying off the equal 
distances o determined by (25) along the normals to (tf), and the values of the 


velocity G and pressure discontinuity [p] over this surface =(¢) are readily ob- 


tained from the preceding formulae. 

* Work on this article by the senior author has been supported in part by the Office of Naval 
Research under contract Nonr-908(09) with Indiana University, and in part by the National Sci- 
ence Foundation through Grant NSF-G14506 to Indiana University. 

1“The fundamental hydrodynamical equations and shock conditions for gases,’’ Math. Mag., 
22, 169-189 (1949). 

2 “Extended compatibility conditions for the study of surfaces of discontinuity in continuum 
mechanies,’’ Jour. Math. and Mech., 6, 311-322 (1957); also “A correction to ‘Extended com- 
patibility conditions for the study of surfaces of discontinuity in continuum mechanies,’’’ ibid., 
907-908. 

3 Thomas, T. Y., Concepts from Tensor Analysis and Differential Geometry (New York: Academic 
Press, 1961), p. 108 


SOME RESULTS ON THE MODULI OF RIEMANN SURFACES 
By Water L. Batny, JR. 
DEPARTMENT OF MATHEMATICS, UNIVERSITY OF CHICAGO 


Communicated by A. A. Albert, January 23, 1961 


1. Ina previous paper,' we showed for each integer n > 2 the existence of an 
algebraic variety &’ with the property that the points of a certain Zariski-open sub- 
set & of &’ are in a natural one-to-one correspondence with the conformal equivalence 
classes of compact Riemann surfaces of genus n. The purpose of the present note 
is to extend this result by supplying answers to certain questions raised not long 
ago by, among others, the present author.? Detailed proofs will be published later. 

Specifically, our main results may be stated as follows. There exists an algebraic 
variety $’ and a regular mapping A of F’ onto &’ such that if ee& and if S, is the 
Riemann surface canonically associated to e, then A~!(e) is the quotient of S, by 
the group of all its conformal automorphisms. Moreover, the fibering (%’, A, &’) is 
locally universal in a neighborhood of each of the points of a Zariski-open set on &’, 
which is nonempty if mn > 2. Finally, and perhaps most interesting, ¥’, A, and &’, 
as well as &’ — &, are all defined over the field of rational numbers. 

2. In obtaining these results, we use the following notation. Let H, be the 
space of symmetric, complex n XK n matrices Z = X + 7Y, Y positive definite, 
r,, the symplectic modular group’ of degree n, L, the lattice in C” generated by the 
columns of Z and of the n X n identity matrix #. Define an equivalence relation L 
in H, X C" by (Z, ¢) = (Z’, ¢') (mod L) if Z = Z’ andg — ¢’ e L,. Then (H, X 
C")/L is a complex manifold and [, acts in a natural! properly discontinuous 
manner on (H, X C")/L. If T isa subgroup of IT, of finite index, denote ((H, X 
C")/L)/T by Py and H,/Tby Vy. Let Ap denote the projection of Py onto Vy. 
Finally, if A and B are algebraic varieties and X is a regular mapping of A onto B, 
denote by B® the diagonal of B’, by A” the subset of A‘ for which A(a;) = +--+ = 
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(a), and by \ the mapping induced by \! of A® onto B, the latter being hence- 
forth identified with B. 

3. It is known‘ that Vp has a natural compactification to a normal general 
analytic space V* and that if Wo,...,War are a basis of modular forms of suitable 
high weight with respect to T, then Yo, ..., Wa, are the coordinates of an isomorphic 
imbedding y of V;* into the complex projective space CP”. We denote by @[g,h]| 
the 6-function defined! for any pair of real n-vectors g and h. 6[g,h] is an analytic 
function on H, X C". If m > 0 is an even integer and mg, mh are integral vectors, 
the functions 6[g,h|(Z) = 0{g,h|(O,Z) on H,, are called mth-order 6-nullwerthe. The 
quotients 6;/42, 6 and 6 being mth-order 6-nullwerthe, generate a field KR” over C, 
and from the theory of 6-functions,’ it is known that [,, acts as a finite automorphism 
group on K’”. Let K,, be the kernel of this representation of T',. For any integer 
q > 0, denote by T,,(q) the group of (25) eI’, such that A=D=L, B=C=O 
(mod q). We may show for even m that I[',(2m?) ¢K,,¢1T,,(m). We may also 
prove that the modular forms of suitable high weight with respect to [,, have a 
basis ¢o,.. .,@ar, Such that each ¢; has rational Fourier coefficients and that for even 
m the modular forms of a suitable high weight with respect to K,, have a basis 
Wo, -++, Wa Such that each y; has Fourier coefficients in the field F,, of m?th roots of 
unity; moreover, if ¢ belongs to the Galois group of F,,, then g acts on Yo, ..., War by 
means of a simple nonsingular, linear transformation with coefficients in Ff. Thus, 
we obtain an injection y of Vx,,* into CP”, W(V «m*) is projectively normal and is 
defined over F,,, and each of its conjugates is obtained from it by a projective trans- 
formation with coefficients in F,,. 

4. Onthe other hand, if m > 3, there exist a finite number of monomials 6, - « «A, 
of degree m in the functions @{g,h| for which mg = mh = 0 (mod 1) such that for 
each fixed ZeH,, the mapping 6:¢ — [0(¢,Z) : +--+ :0eN,(€,Z) | gives a biregular injec- 
tion of C"/Lz into CP®. If m = 2, we may choose 6,---,6, such that 6 induces a 
biregular injection of the Kummer variety (C”/Lz)/}E, —E}{ into CP. Finally, 
v X 6 defines an injection of Px, into CP” XK CP’. We denote (W X @)(P xm) 
again by Px». It isnot hard to show that the closure of Px, is an algebraic variety 
Px»* of which Px» is a Zariski-open set, and we have a natural map A,»,:P«_,* > 
Vim*e CP”. It follows from the theory of @-functions that T/A, acts as a finite 


group of projective transformations on Px,,*. If reV «em is not the image of a 
fixed point of some yeK,,, y # EF, X,,~'(v) is an Abelian variety which we denote 
by A,. We denote by G the analytic subset of ? x,“ defined by 


f= } (ay, dz, A3) | a; + Ay = a3}, 


+ denoting the group law in A, if a), a2, ajeA,. It follows from the addition 
theorem for 6-functions that the closure G* of G isasubvariety of P «»,*‘® stable under 
r,/K,. If, finally, m is even and divisible by a prime p > 3, then® T,(m) 32K, 
acts without fixed points in /7,, and if (@) denotes the closure of the set of zeros of a 
first-order 6-function, then (@) cuts out a positive, nondegenerate divisor XY, on each 


(n) 


A, such that XY, belongs to the normal polarization of A, and deg X,“°? = n!. 

5. We choose m once for all to be an even integer divisible by some prime p > 3. 
There is a natural correspondence between P x,,* and P x,* and between P ,,* and its 
quotient by [,,/AK»2, which we denote by ?*. The correspondence between P x,* 
and P* is a regular mapping of Px,* onto P* whose coordinates are polynomials in 
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the functions 6[g,h], @[g,h|°, where 2g = 2h = 0 (mod 1), and @p, , du,, and 
these polynomials may be chosen to have rational Fourier coefficients, as may be 
proved by direct calculation. Thus, ?* is defined over the rational numbers. 

6. There is a theorem due to Matsusaka® which says that if A is an Abelian 
variety, X an irreducible divisor on A, and C a positive algebraic l-cycle on A 


satisfying deg X n' and X""-) = (n — 1)!C (here = denotes numerical 


equivalence), then A is the Jacobian variety of C, C is canonically imbedded in A, 


and X is a canonical divisor. Matsusaka has also shown that if A is an Abelian 
variety, X a positive, nondegenerate divisor on A, and C an algebraic 1-cycle on A, 
then C = O if and only if the endomorphism a(X,C) is zero. 

7. Since the group law is cut out on each fiber of Px» by the algebraic set G*, 
we may use Matsusaka’s criteria and the method of Chow points as indicated 
elsewhere? to show that the set of Chow points of triples (4A,,X,,C,), such that C, 
is canonically imbedded in A, and weVx,,, is a Zariski-open subset of some alge- 
braic set. Using the second of Matsusaka’s theorems above, we may also construct 
an algebraic subset ¥°"? of Px,,* such that A,,(F°) is the Zariski-closure in V x»,* of 
the set &,, of points corresponding to the normalized period matrices of Jacobian 
varieties, and such that if ee&,,, then A,,~'(e) AF” is an algebraic curve whose 
normal model is the Riemann surface canonically associated to e by Torelli’s 
theorem. We finally obtain the ’, A, and &’ mentioned in $1 by taking &’ to be the 
Zariski closure of &,,/(T,/K,,), 5’ to be the normal model of the Zariski closure 
(in P*) of F“ Xm (Vim) AF) /(T,/K,) and \ to be the mapping composed 
of \; and the natural mapping of ’ onto 5 

8. Our information regarding the field of definition for 5’, A, and &’ comes from 
the fact that the above results are obtained by constructing a certain sequence of 
varieties in such a manner that each such construction is compatible in a certain 
sense with the action of [',,/A,, and with the action of the Galois group of F,, over 
F, = Q (the rational numbers). All the corresponding varieties for m = 1 are, 
practically speaking,’ the quotients of the above mentioned varieties by T/A», 
and are therefore, for fairly simple reasons, defined over Q. 

9. Finally, our statement that (%’, A, &’) is locally universal if m > 2 means the 
following: Let @ and @ be algebraic varieties, ®’ a Zariski-open subset of ®, and 
fa regular map of @ onto ® such that if be®’, then b is a simple point of ®, f—!(b) 
is a nonsingular algebraic curve of genus n and each point of it is a simple point of @, 
and the rank of the Jacobian of f at each point of f~'(b) has rank equal to dim 8, 
If this is so and if be®’, there exists a neighborhood N of 6 and a unique natural 
regular map g:N — &’ such that (’, A, &’) induces the fibering (f~'(V), f, N) in 
the usual way via the map g. One may conjecture that this is true in the Zariski 
topology, and that any common field of definition for @, ®, and f is a field of defini- 
tion for g. 

! Baily, W. L., Ann. Math., 71, 303-314 (1960). 

2 Baily, W. L., On the Moduli of Jacobian Varieties and Curves, Contributions to Function Theory 
(Bombay: Tata Institute of Fundamental Research, 1960). . 

’ Siegel, C. L., Amer. J. Math., 65, 1-86 (1943). 

* Séminaire de H. Cartan, 1957/58, unpublished notes. 

5 Krazer, A., and F. Pryvm, Neue Grundlagen einer Theorie der Allgemeinen Thetafunctionen 
(Leipzig: B. G. Teubner, 1892). | 

6 Matsusaka, T., Mem. Coll. Sci. (Univ. Kyoto), Ser. A, 32, 1-19 (1959). 

7 That is, on a dense Zariski-open set. 





THE SCHOENFLIES THEOREM FOR POLYHEDRA* 
By Stewart 8. Cairns 
UNIVERSITY OF ILLINOIS 
Communicated by Marston Morse, January 16, 1961 


We here outline a proof of the Schoenflies Theorem for a polyhedron P"~! in 
Kuclidean n-space £", where P"~! is combinatorially equivalent to the boundary 
complex of an n-simplex. Our proof uses approximations which permit us to 
apply Morse’s solution of the Schoenflies extension problem with the shell hypothe- 
sis.) 2 The argument, which is inductive, assumes the theorem for all lower 
dimensions in the following form, in which an n-sphere replaces £”. 

THEOREM.t On a Euclidean n-sphere S", let II"~! be a combinatorial (n — 1)- 
sphere whose cells are geodesic simplexes. Let y and y’ be two points, one on each of the 
components of S"-II"~!. Then there exists a homeomorphism of S" onto itself which 
maps I1"~! onto an equatorial (n — 1)-sphere S"—! ¢ S" and which is a C“-diffeomor- 
phism on S"-(II"—! vu y’ uy). 

Coroutuary. In the case of P’~! c EK", let y be « point inside P"—'. Then there 
exists a homeomorphism of E" onto itself which maps P"—' onto a Euclidean (n — 1)- 
sphere and which is a C°-diffeomorphism on E"—! — (P"™— wu y). 

Let p denote the Euclidean distance function. The 6-neighborhood, 6 > 0, of 
set A ¢ 2” will mean the set 


N(A,6) = {aeH"|p(x,A) < 8. 


For each me(0, 1 n — 1), let P™ denote the m-dimensional skeleton of P” 
. ; k : 

composed of the simplexes s; (k = 0,...,m,; 2 Lots pag: ebGy <2. 

ye a set of positive numbers, on which we will impose restrictions, and le 

I t of t mber whicl ll im restrict 1 let 


m 


NP*) = Pog... 6 6a) 


k = ( 


N(P*, 6) (m = 0, 
) 


m 


The core o” of each of the simplexes s7 (m = 


defined as follows: 
a; sj} —.N(P™—) (m > 0) 
The numbers 6,, are arbitrarily chosen, subject to the conditions 
0 < 6, < (1/2)p(o7, o 3) (m OL om) Che eg sae). 
These conditions imply, by an argument recurrent in m, that 6) >... > 6,-1 > 0 
and that all the cores a” are nonvacuous. 
The boundary of N(P"~') is the union of two manifolds [”~! and A”~! (Lemma 
1 below), where ['"~! is interior and A"~' is exterior to P”~'. Furthermore, 
N(P"—') = (interior of A"—!) N (exterior of I’~!). 
The main part of our work consists in fibering N(P"~!) so as to verify the shell 
hypothesis (Lemma 3 below). 


LemMA |. The boundary manifolds of N(P"~') can be regarded as cellular com- 


plexes T"—' = jc} and A"~' = }d}, whose (n — 1)-cells are 


328 
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m 


j . n—1 § 7 - 
y rel ie p(x, § d mt ~ ) ced’ p(x, §;) Om) 


(m=0,...,n—1; (= 1,..., am). The k-cells of (cj and \d},k <n — 1 are 
the intersections of subsets of these closed (n — 1)-cells. 

If n = 3, for example, N(P?) is made up of: (1) the 6-neighborhoods of the 
vertices of P?, (2) the 6,-neighborhoods (6; < 69) of its edges, and (3) the 6.-neigh- 
borhoods (6. < 6) of its 2-simplexes. On the éo-sphere about a vertex s;, there is 
a pair of 2-cells cj, and dj;. On the eylinder of radius 6), axis along an edge sj, there 
is a pair cj, and dj,. On the pair of planes at distance 6, from s; is a pair of flat 
2-cells, cj, and d;,. Yor the general n, the inductive hypothesis is involved in 
showing that the c’s and d’s are cells. 

LemMaA 2. Let 

1N (N(s7, 62) — N(P™—!)) 


(m = 0....,;0% — I; 8 am). Then the set yt of the as and their inter- 
sections is a cellular complex isomorphic to T"~' and to A” 

In the case n = 3: (1) yi; is the part of P? on the closed 3-ball p(x, s}) < 6, 
(2) y;, is the intersection of P? — N(P°) with p(x, s}) < 6, and (3) yx = o; is the 
core of 8}. 

Lemma 3. The closed neighborhood N(P"~) can be re presented as a shell h(S"—! X 
[0,1 ]), where T"—! AGS*—. 0), Af! = AGS", 1), ond Fo a= he). 

We prove this by constructing a fibering of V(P"~') topologically equivalent to 
the fibering of S"~! X [0, 1] by the radial segments |p X [0, 1]|peS"—!{. Simple 
examples with n = 3 show that the fibers h(p X [0, 1]) can not generally all be dif- 
ferentiable. Investigations thus far suggest that they can be required to be dif- 
ferentiable except at points on the skeleton P”~* of P” 

The desired fibering ® th(p X [0, 1]) peS"~'} is constructed piecemeal, on 
the following closed regions 7%. ; (m 

T's 

In the case n 3: (1) Tj, is the closed n-ball p(x, s;) < 69, (2) TY, is the closed 
tubular part outside N(/*) of the set p(x, s!;) < 6, and (3) 7, is the part of the 
set p(x,s;) < 6 outside N(P'). It is easy to fiber the set 

N(P?) — N(P*) = u Tiyu T3, 
j l A l 
with a C -field of differentiable ares, each bisected by P?. Such a fibering induces 
on each of the 2-spheres Sj }t | p(t, 8;) = dof a fibering ®; of the topological annu- 
lus NV? = 82, 9 N(P?) (¢ a), and the remaining problem is to extend each 
®, into a suitable fibering of the 3-ball W(s?, 6)) bounded by Sj}, 

The band Nj contains the simple closed geodesic polygon P!} = Sj; 9 P? and has 
ri = Sj, 9 rr, A} = Sj, 9 A? for boundary curves. Each of the fibers of ©; crosses 
7; from T'} to A} and intersects P} in a single point. | By the inductive hypothesis, 
there exists a homeomorphism h,; of S; onto itself, such that h,(P!) = S! is a great 
circle. It is possible to restrict h; so that it maps the fibers ; onto a set of equal 


goedesic ares with S! for perpendicular bisector. Let ©; be extended into a C®- 
fibering ; of the 3-ball N(s}, 6)), each fiber of which is bisected by the equatorial 
disk bounded by Sj. Let h; be extended to a self-homeomorphism g; of N(s?, 
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5)) by the requirement that radii map linearly onto radii. Then &} = gj! (#;) is 


a suitable extension of ®,, hence of &, over V(s‘, 69). 

In the general case, the sets 7’); are fibered, one by one, in order of decreasing 
values of m. Each fibering of a 7';; is an extension of the previous fiberings. In 
those steps for which m = n — k, the inductive hypothesis for a (k — 1)-sphere on a 
k-sphere is used. 

LemMa 4. The shell h(S"~' X [0, 1]) can be approximated by a shell h*(S"—! X 
(0, 1]), where h* is a C’-diffeomorphism except on (S"~!, '/9). 

Each of the manifolds [’~! admits a transverse vector field. This is easily seen, 
with the aid of the fact that c”,,;' intersects cz, | if and only if s?" and s} are incident, 
so that at most n of the (n — 1)-cells of }c{ have any given vertex in common. 
Hence, there is a transverse vector at each vertex, and the extension into a field on 
the entire manifold ['"~! offers no difficulty; similarly for A"~'. One can therefore 
approximate to I~! and A"~! by equipotential manifolds, corresponding to the 
parameters (69, . . . , 6n-1). As the 6’s simultaneously approach zero, the equi- 
potentials converge uniformly to P’~!. 

Details of the proofs outlined above will be submitted elsewhere for publication. 

Lemma 4 brings us to a point where Morse’s methods can be applied to complete 
the proof of the corollary to the theorem. The result is easily adapted to the 
spherical form of the theorem. 

The case n = 3 was treated, from another viewpoint, by Alexander.* Some 
procedures due to Noguchi* were suggestive in connection with part of the above 
proof. 

* This work was commenced at the Institute for Advanced Study in 1959-60 with support from 
ONR Grant 2989(00) and NSF Grant G-8153. It was completed under NSF Grant G 14431. 
and was presented to the American Mathematical Society on December 19, 1960. 

t (Note added in proof.) The author is informed that a related result by M. H. A. Newman is 
appearing in the Proceedings of the London Mathematical Society. 

1 Morse, Marston, “Differentiable mappings in the Schoenflies theorem,’’ Compositio Mathe- 
matica, 14, 83-151 (1959). 

2 Huebsch, William, and Marston Morse, “An explicit solution of the Schoenflies extension 
problem,” J. Math. Soc. Japan, 12, 271-289 (1960) 

3 Alexander, J. W., “On the subdivision of 3-space by a polyhedron,” these PROCEEDINGS, 10, 
6-8 (1924) 

4 Noguchi, Hiroshi, “The smoothing of combinatorial n-manifolds in (n + 1)-space,”’ Annals of 
Math. (2), 72, 201-215 (1960). 


ON SUMS OF INDEPENDENT RANDOM VARIABLES WITH INFINITE 
MOMENTS AND “FAIR” GAMES* 
By Y. 8. Cuow ano HerBert ROBBINS 
INTERNATIONAL BUSINESS MACHINES CORPORATION AND COLUMBIA UNIVERSITY 
Communicated by Paul A. Smith, January 25, 1961 
1. Introduction. At the origin of this investigation is the well-known result 


of Feller! concerning the Petersburg game, in which the player receives $2' if heads 


first appears at the 7th toss of an unbiased coin (2 = 1,2, ...). Since the expecta- 
I 


tion of the player’s gain x is infinite, a problem arises in deciding on the proper 
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fee for the privilege of playing the game; Feller shows that if the player pays 
variable entrance fees with cumulative fee b,, n logs n for the first n games, and 
if 6, = % + + x, denotes his total gain, then the game becomes “‘fair’’ in the 


sense that 


s 


in probability. (1) 
b 


lim 
ey 


For a game with finite and positive expectation Ex u, and constant entrance 
fee » for each game, the strong law of large numbers asserts that ratio of total gain 


to cumulative entrance fee tends to 1 in the strong sense, 


P(tim = 1) " (2) 
i— b, 


It is a natural to ask whether the same holds of (1). It does not; for the Peters- 


burg game with 6, n logs n, 


P( im . ) 0, (3) 


an interesting example in which convergence in probability does not imply con- 
vergence with probability 1. 
To show this, we note that for the Petersburg random variable x, 
I 


P(z > a) > fora 
a 


Hence, for any constant ¢ > 1 and n 


P(x > ch, 
ch, ch logs n 


and therefore, > P(x > cb,) 
n=1 


which implies by the Borel-Cantelli lemma that 


r(* > ¢ infinitely viten I 
and thus, P( tim =" x ) | 
and hence, Pim ) : (4) 


> 


which implies (3). Since (1) holds, it follows moreover that (3) holds for every 


sequence of constants b,. } 


We shall show in the next section that (3) holds for every game in which the 
player’s gain is such that £)x| = © and for every sequence of constants; thus 


no game with HB) ax © can be made ‘‘fair”’ in the strong sense (2) even by allowing 


variable entrance fees. 
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2. Some General Theorems.—In this section, x, 21, %, ... will denote any se- 


quence of independent random variables with a common distribution, s, = 21 + 
+ xn, and by, be, ... will denote any sequence of constants. 
LemMA 1. If b,/n is positive and non-decreasing, then 


(a) > P(|z| >b,) = © implies P( im 
1 


b, 
(b) > P({a!| > b,) < © implies Pim = 
1 In 


by bon bon +1 


< < , 
n 2n 2n + 1 


Proof: Since 


it follows that 2bn S don < dent. 


= : :.s . 
Now suppose that >) P(|x| > b,) = ©; then either 
1 


(i) > P(\x| > b,) = @ 
1 


or (ii) >> P(la| > bepe1) = ©. 
1 
If (i) holds, then by the first inequality of (5), 
yt P(\x| > 2b,) = @; (6) 
1 


while if (ii) holds, then by the second inequality of (5), (i) also holds, so that (6) 
holds in either case. In other words, 


p> P(\x| > b,) = © implies p P(\x| > 2b,) 
1 1 


and hence by induction for every k = 1, 2, ..., 


> P(\z| > b,) = © implies > P(|x| > 2*b,) 
1 1 
provided only that b,/n is non-decreasing. 
Now to prove part (a) of the lemma, suppose that >. P(\2! > D,) 
1 
(8) and the Borel-Cantelli lemma, it follows that 


so that, since k was arbitrary, 


Xn| 
Pim 
b, 


To prove part (b) of the lemma, suppose that 
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Pim — 0) <i: 
b, 

(lt 
b, 


and hence by the Borel-Cantelli lemma, 


then for some k 


> 


— 


By (8), this implies that 


It follows that (6) holds. 


LemMA 2. If b,/n is positive and non-decreasing, then 


dy 


(a) > Piz} > b,) © implies Pim “4 >) =] 


and if, in addition, Eix ©, then 


© implies Pim = 0) l. 


Proof: To prove part (a), suppose that }> P(r) > b,) co; then by Lemma 1, 
1 
. In 
P\ lim I. 
b, 
‘ ° Sn 
Suppose now that P| lim ot 0 
In 


Then for some finite constant ¢, 


S 


and hence, 
b, 


is hounded) > O. 


Xn 


b 


n 


But since 


it follows from (10) that 


la, . 
P ( is hounded ) SO: 
b, 
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which contradicts (9). Hence (10) cannot hold, which proves (a). 
The proof of part (b) of the lemma is contained in a paper of Feller,? to which 
the reader is referred. 

We can combine Lemmas | and 2 to obtain 

LEMMA 3. 


If b,/n is positive and non-decreasing, then 
eS 


| ! 
om : ‘ > Ly 
(a) >> P(jx}>b,) = © implies P (iim 

l In 
and if moreover FE |x| = ©, then 

= ' : : 2 Spe 
(b) >> P(x] > b,) < © implies P (sim 

1 In 
l'rom Lemma 3 we have at once 


THEOREM 1. If b,/n is positive and non-decreasing, then 


! 


Ln = | | . . Sn 
(a) P (iim < =) >0, Eiz} = © imply P (tim “Tike 
In : Ip 


| | 
| . . . Sn} 

(b) Eix| = © implies P (0 < lim =< ) = (). 
In 


In the case of the Petersburg game with b, = n logs n, it follows from (1) that 


for some sequence of integers ny < nm < , we have 


. Sn} 
r (tim = 
nner 


Define b,’ = by, for m-1 <7 < ny. 


Then, Pr (iim = = ') = ], 
by 


This example shows that in Theorem | (b), the condition ‘“b,/n non-decreasing’ 
cannot be replaced by “b, non-decreasing, b,/n — ©.” 

We can now prove our principal result: 
THEOREM 2. If Hix co, then for any sequence of constants b,, either 


Pp (sim = , (13) 


ee (iim % = ) e (14) 


Suppose that the theorem were false; then, there would exist a sequence 


of constants 6, and an x with £\z} = © such that 


F. (tim 3 > 0) >0O and P (iim = < @ ) >0. (15) 
- In In 


Proof. 
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Case 1. Suppose that 


b, 


n 


lim 


—_ 
Then from (15), P (tim —< =) > 0, 
n 


and hence by Lemma 2(a) for b, = n, 2P(j2| > n) < © and hence E}x|) < 
Thus Case I is impossible. 
Case 2. Suppose that 
b 


n 


by b, 
set Qn n max : Ee > |b,| > 0. (16) 
l n 


Then the sequence a@,/n is positive and non-decreasing, and there exists a sequence 
of integers ny < nm < ... such that 


n 


lim 


Ong = |Ony|- (17) 


From (15) and (16), it follows that 


P (iim 
FP (tim 


Krom (17) and (18), it follows that 


P (tim | = 0) l, 
b, 


which contradicts (15). Thus Case 2 is also impossible, and the proof of the 
theorem is complete. 


and hence by Lemma 3, 


Coroutuary. If E\x| = ©, then for any sequence of constants b,, 


. Sn 
P {| lim at) || (19) 
n—> « b,, 


* Work sponsored in part by National Science Foundation grants at Columbia and Stanford 
Universities. 

' Feller, W., Introduction to Probability Theory and its Applications (New York: John Wiley 
and Sons, Inc., 1957), Vol. 1, 2nd ed., p. 237. 

2 Feller, W., “A limit theorem for random variables with infinite moments,” Am. J. Math., 
68, 260 (1946). 





ON THE FUNDAMENTAL EQUATIONS OF INVARIANT IMBEDDING, I 
By RicHarp BELLMAN AND ROBERT KALABA 
THE RAND CORPORATION, SANTA MONICA, CALIFORNIA 


Communicated by S. Chandrasekhar, January 24, 1961 


1. Introduction.—In 1942, V. Ambarzumian showed how the energy diffusely 
reflected from a plane-parallel atmosphere can be calculated directly, i.e., without 
first determining the internal flux.!. This was done through the use of invariance 
principles, which lead to nonlinear equations, as opposed to the usual linear trans- 
port equations for the internal fluxes. These techniques have been greatly ex- 
tended,” * but, as I. Busbridge points out in her book, “The application of these 


principles is not easy and until a precise statement is given of the physical conditions 


which are sufficient to ensure their truth, any solution based on them ought to be 
verified in another way.’ The purpose of this note is to lay bare, in rigorous 
fashion, the connection between the transport equations for internal fluxes and the 
invariant imbedding equations for reflected fluxes for a one-dimensional transport 
process. Linearity of perturbation equations and the uniqueness of solution of a 
linear two-point boundary-value problem are the essential ingredients. 

The basic equations for a one-dimensional transport process involving N different 
types of particles are of the form 

dy 


= g(y), 0 =2 = =: (3.1) 
dz 


with conditions on the vector at the two points z = 0 and x. On the other hand, 
the invariant imbedding approach! leads to quasilinear partial differential equations 
of the form 


Ow N Ow 

: >» gw) — + h(w), (1.2) 

On j=1 OC; 
with initial conditions at « = 0. These equations, obtained by particle counting 
directly from the original physical process in the general case, have recently been 
derived by Wing® in a purely analytical manner in the important case where the 
vector function g(y) is linear. 

In this series of papers, we wish to show how to derive equations of type (1.2) 
directly from equations of type (1.1) without reference to the underlying physical 
process. 

2. The Case N = 2.—It will be sufficient to discuss the two-dimensional case 
to illustrate the general method. As we shall see, the derivation of (1.2) is a simple 
consequence of the uniqueness theorem for linear ordinary differential equations. 

Let u, v be the solutions of 

du 
= (4, Pp), u(O) = 0, 
dz ; 
dv 
dz 
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and let U, V be the solutions of 
dU 
dz 
dV 


az 


g(U,V),  U() 


h(U, V), Vix + A) 


where A is an infinitesimal. 
The equations (2.2) can be converted to the equations with the new boundary 


condition 
V(x) c— V’'(x)A c—h(U(a2), Vi(xr))A c — h(u(x), 
to terms in o(A). Setting, to terms in 0(A), 
U u + wd, V v + gA, 
we see that w and q satisfy the linear perturbation equations 


dw 


WJu + Gr; w(Q) 0, 
dz : , 


dq 
dz 


wh, + qh,, q(v) —h(u(x), v(a)). 
Returning to (2.1), we see that u, and v, satisfy the equations 


Uds + UGs u.(Q) Q, 


uh, +- »h,, x) , (2.6) 
Assuming that this linear system possesses a unique solution, as is readily estab- 
lished rigorously for small x2, we see that 
—h(u, VvjIU-. 
—h(u, v)v-. 
Since ‘(ur 4 ‘(v) + AU’ (x U(x 
(u(r) + Aw) + Ag(u, 2 
setting u(r) ‘(v, c), we see that r satisfies the equation 
or Or 
: —h(r,c) — + g(r, c), (2.9) 
On oc 7 
an equation for reflected flux derived by particle-counting techniques in reference 3. 
In addition, the second of equations (2.7) and equation (2.4) imply that 
V(O) — v(0) 
A 


If we set etx. €) v(Q), 


— h( ULL), VLU) Ve}, =o. 





PHYSICS: BELLMAN ET AL. Proc. N. A. S. 


ot ot 
then, — = —hA(r,c) — 

Ou 0c 
which is the equation previously found for the transmitted flux. 

In subsequent papers, we shall consider time-dependent processes and more 
general functional equations. Results of the foregoing nature contain the varia- 
tional formulas for one-dimensional and multidimensional Green’s functions and 
hence for characteristic functions and values (cf. Bellman-Lehman®). 


! Ambarzumian, V., “Diffuse reflection of light by a foggy medium,’’ Compt. Rend. Acad. Sci. 
URSS, 38, 229-232 (1943). 

? Chandrasekhar, 8., Radiative Transfer (Oxford Press: 1950). 

§ Bellman, R., R. Kalaba, and G. M. Wing, ‘Invariant imbedding and mathematical physics 
I: particle processes,” J. Math. Phys., 1, 280-308 (1960). 

‘ Busbridge, I., The Mathematics of Radiative Transfer (Cambridge University Press, 1960), 
p. 63. 

5 Wing, G. M., “Invariant imbedding and transport theory—unified approach,” J. Math. 


Anal. and App. (to appear). 
6 Bellman, R., and R. 8S. Lehman, ‘Functional equations in the theory of dynamic program- 
ming—X: resolvents, characteristic functions and values,’’ Duke Math. J., 27, 55-70 (1960). 


DYNAMIC PROGRAMMING, SEQUENTIAL ESTIMATION AND 
SEQUENTIAL DETECTION PROCESSES 


By RicHarp BELLMAN, RoBertT KALABA, AND Davin MIDDLETON 
THE RAND CORPORATION, SANTA MONICA, CALIFORNIA 
Communicated by Philip M. Morse, January 10, 1961 


1. Introduction.—There is a large class of physical processes characterized by 
the property that a decision must be made after the observation of a chain of events. 
The mathematical problems arising in the course of optimizing the decision are 


quite complex and by no means completely resolved. Another dimension is added 


to the problem if we include within the range of admissible decisions both the choice 
of closing the chain and making a decision and the choice of making another ob- 
servation before coming to a decision. Sometimes the sequential decision process 
is more difficult than one involving a fixed number of choices, and sometimes essen- 
tial simplifications are introduced by this apparent complication. Important ex- 
amples arise in communication theory; for example, in the detection of radar 
signals in noise backgrounds, and in the sequential estimation of signal wave forms 
or other information-bearing features of a received signal process. 

The systematic study of sequential decision processes was begun by Wald! 2 
and continued in depth by Wolfowitz, Kiefer, Blackwell, Girshick, and Karlin, 
with applications to communication problems by Bussgang* and Middleton‘ and 
others. Despite the elegance of many of the results that have been obtained, the 
previous development of the theory has not led to simple, feasible algorithms for 
computational solution of wide classes of problems. In this note we wish to indi- 
cate how dynamic programming*®~* may be used for this purpose and to suggest its 
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possible applications to one central reception problem of communication theory, 
e.g. signal detection and extraction. 

2. A Typical Sequential Estimation Process.—Let an individual event be char- 
acterized by the random vector (', x?,..., x") so that a sequence of the preceding 
n events can be represented by the set of vectors [x, 22,...,2,]. We shall suppose 
that these quantities are to be used to estimate the components of a vector y. 
Once the process has stopped, we employ an optimal estimation procedure. The 
expected cost of the difference between the true value of y and the estimated value 
on the basis of the observations [2, 22, ..., 2%,] 1s given by a function g(71, 22, ..., 
tn; y). To continue the process entails a cost of k(2,, x2 r,), and we suppose 
known the conditional distribution of x, 4 1 given [.2x, 2» ta), GG(x1, X2,.--, 
pee Pee |) A 


We introduce the function 


f(x, 2,..., Ln) = the expected cost of the entire estimation 
process, having observed the sequence 
[x, 22 r,|, and employing an optimal 


policy. 


If we stop, the expected cost is, as above, g(x, %2,...,. Uni y); if we continue, the 
principle of optimality yields the expected cost 


k(a, Ma La) ni) ; ; } . (2.2 


Hence, the basic functional equation governing the infinite sequence of functions 


= 


TH, v2, Jae Ze). n = ] 2 


Ce RG. Ben ns et e) 
fai, Me, .. +, Fe) = in TF FT ei, Se.» < -SuSn 4 DOO, « « -+Fu3 Be 
eo Oh. Wes 4 aie) 


Under suitable assumptions concerning the cost functions k(x. 2» x,) and 

tn; y) and the conditional distribution function dG, this functional equa- 
tion can be utilized to provide the existence of an optimal policy, and, in some cases, 
yields its uniqueness. 

3. Reduction in Dimensionality, [.—Let us now see if we can use some concepts 
of sufficient statistics to simplify (2.3). Suppose that the x; are vectors of type A 
or type B, and suppose that it is only the number of type A and type B, and not 
the order of the A’s and B’s, which is important. Then (2.3) becomes 


C: k(m,n) + pilm, n)f(m + 1, n) 
f(m,n) = min] + po(m, n)f(m, n + 1) 
S: g(m, n), 


using an obvious notation. 

4. Computational A spects.—One way to resolve (3) computationally is to adopt 
an arbitrary cut-off value, VN. As soon as m + n > N, we agree to stop the process. 
Hence 


f(m, n) = gi(m, n), m+tn>wN., (4.1) 


Write m + n = r, f(m, n) =f,(m). Then 3 becomes, for r < N, 
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C: ky(r, m) + g(r, m)f, + 10m + 1) 
fm) = min] + q@(r, m)f, + 1(m) , (4.2) 
S: gi(r, m) 
m =0,1,2,...,7. Starting with the known values for fy(m), it is a simple and 
rapid affair to compute f,(m) for r < N, since we have to compute a sequence of 
functions of one variable. 

5. Reduction in Dimensionality, 1J—In most cases, the x; will not have the 
simple form postulated above. We can, however, approximate to the true state 
of affairs by a situation in which an x; of one type corresponds to 1 and an x; of 
another type corresponds to 0. Or, we can make a further refinement and allow 
+1 and 0 as admissible values. In this case, we will encounter functions of the 
form f(l, m, n), or, alternatively, of the form f,(m, n). Allowing fifty values for m 
and fifty for n, this requires sequences of 2,500 values. 

We can, however, drastically cut down on this number by supposing that we will 
do nothing until r is at least ten or twenty-five or fifty. There are a large number 
of ways of introducing numerical approximations once we have an exact formulation 
of the type given by (4.2). 

6. Discussion—In par. 2 above we have outlined a dynamic programming 
procedure for estimation which in signal extraction theory® can be applied to the 
sequential estimation of signal waveform, or signal parameters. For example, 
the random vectors (x, ..., 2») might represent the received waveform, while the 
vector y represents the true or desired waveform, with 2; = z(t), ete., at the n 
time points 4,...,¢,. The functions g(a tn} y) play the role of average cost 
or average risk of the difference y = p(x) where p(x) is the estimated value of y, 
based on x (ef. par. 21.2 of ref. 4), while k(x, t») represents in some sense the 


“cost of experimentation,” and the statistical character of the received process } 2; 


enters through the conditional distribution function dG. The particular criterion, 
e.g. minimization of average cost, including over-all cost of the procedure, is em- 
bodied in equation (2.3). The actual structure of the resulting optimum estima- 
tion procedure is obtained in the course of the solution of equation (2.3), since opti- 
mal decisions under any and all circumstances are determined. By relating the 
vector y to suitable thresholds, one can convert the estimation procedure into a 
corresponding sequential detection process. 

A major task ahead is to convert, for example, some of the ‘‘classical’’ sequential 
detection problems* and sequential procedures? into the language of dynamic pro- 
gramming, and to extract the known ‘classical”’ results from the functional forms. 
A second task, of greater practical importance, is to establish the computational 
feasibility of these dynamic procedures and to apply them where the special results 
of the older approach break down, for example, where cost depends nonlinearly on 
sample size or where the distributions of the random variables are not easily rep- 
resented analytically, e.g. non-normal statistics. It is clear, also, that these 
dynamic procedures, involving sequential decisions of various kinds, are at the 
heart of so-called ‘learning’ or adaptive systems, where the course of future 
operation depends specifically on the actual data received in the accepted past.® 

7. Summary.—Some general sequential estimation and sequential detection 
processes are provided with an analytical formulation through use of the functional 
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equation technique of dynamic programming. Some reductions which are useful 
from the computational viewpoint are indicated, and several applications to radar 
and communication system theory are sketched. 

1 Wald, A., Statistical Decision Functions (New York: John Wiley & Sons, 1950). 

2 Wald, A., Sequential Analysis (New York: John Wiley & Sons, 1947). 

* Bussgang, J. J., and D. Middleton, “Optimum sequential detection of signals in noise,’’ JRE 
Trans. on Inform. Theory, IT-1, 5 (December) 1955. 

4 Middleton, D., An Introduction to Statistical Communication Theory (New York: MeGraw- 
Hill, 1960), Chapter 20, esp. refs. 32—40. 

5 Ibid., Chapter 21. 

6 Bellman, R., Dynamic Programming (Princeton University Press, 1957). 

7 Bellman, R., Adaptive Control: A Guided Tour (Princeton University Press, 1961). 

’ Bellman, R., and R. Kalaba, “On communication processes involving learning and random 
duration,’’ 1958 IRE National Convention Record, part 4, pp. 16-21. 


THE GEODESICS IN GODEL’S UNIVERSE 
By S. CHANDRASEKHAR AND JAMES P. WRIGHT 


UNIVERSITY OF CHICAGO 


Communicated January 23, 1961 


1. In 1949, Gédel' discovered a solution of Einstein’s field equations which, 
unlike the Friedmann-Lemaitre solutions of relativistic cosmology, is incompatible 
with Weyl’s postulate? and does not allow the possibility of defining a universal 
cosmic time. On these accounts, Gédel’s universe has many unusual properties, 
which Gédel* has enumerated and discussed. It does not, however, seem to have 
been noticed that the equations for the geodesics with Gédel’s metric can be 
explicitly integrated and that in terms of the explicit solution for the geodesics, 
many of the properties of Gédel’s universe can be more readily understood. 


2. Gédel’s metric is 
ds? = a*(dxy? — day? + '/2e* day? — diz? + 2e7dxpdre), (1) 


where a~! = R is the “radius” of the universe. With R chosen as the unit of 


“distance,” the metric can be written alternatively in the form 


ds? = (diy + e"dxe)? — da? — '/se?*'dx.? — di?. (2) 
The Christoffel symbols for the metric (1) have been listed by Gédel! and using 
them, the equations governing the geodesics can be readily written down. They 
are: 


du : : 
j + 2wu! + e wu? = 0, 
as 


du} 


ds 


l 9 
+ emu? + 5 e™'(u?)? 


du? 


ds 
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du 
and = 


ds 
where uw“ is the four-velocity: 
dx, 
ds 
For the metric (1), this four-velocity is time-like. 
3. Equation (6) immediately integrates to give 
ue=C and 2; = Cs + cz, (8) 
where C and c; are constants. Equations (3)—(6) allow two additional integrals- 
The first of these is the metric rewritten in terms of u*; thus (cf. equation (2)), 
an P 2 aks F 
(w® + ew)? — (ut)? — /oe*7(w?)? — (u8)? = 1. (9) 
The second follows from multiplying equations (4) and (5) by u'(=dx,/ds) and 
e**42/2, respectively, and adding; we then obtain 
dx, ,du* 


ll, 
(u?)? 9 emu? = 0; (10) 
$s 


du} or 
aie 
ds 


1 2 
u e 
ds 2 d 


and the integral of this equation is 
(u1)? + 1/,e7*"(u2)? = B? = constant. 
Using equations (8) and (11), we can rewrite equation (9) in the form 

(u® + e'u?)? = 1+ B?+ C? = 1/,D*? (say). (12) 
It is clear from the manner in which the constants B, C, and D have been introduced 
that 

1/.D? > B2 +1; (13) 

and further that B, C, and D are real constants. From equations (11) and (12), 
we obtain 


u? = /2e~*[B* — (ut)?]” (14) 


l : 
and =a 742 = —- | PD — 2[B*? — (u!)?] ie (15) 
2 V2 


The ambiguities in the signs which arise from extracting the square roots of equa- 
tions (11) and (12) can be resolved (without loss of generality) by requiring that 
D be always positive and allowing B to be positive or negative. However, (13) 
requires that 

D> V2\B\. (16) 


4. With w® and wu? given by equations (14) and (15), equation (4) becomes 


du} 


= B? — (wu)? — D[B? — (u')2]'”- (17) 
ds 
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Letting ul = B sin 8, (18) 
(which is a permissible transformation, since (11) requires that |u'| < |B)), 
equation (17) becomes 

dé 

ds 


= —(D — Bcos 8). (19) 


Remembering that in any case D > |B), we can integrate equation (19) in the form 


2 D+ B\” 1 
(D? — By” tan! 1( > ) tan 5 ab, 20) 


\D-B f 


where s is a constant. With the definition 
2 
(D? — B?) 
we can rewrite equation (20) more conveniently in the form 
| 9 D-B 
tan = —vVYatano, where a = : 
2 D+B 
Elementary identities which follow from equation (22) are 
1 — atan*o tan o 
cos 6 = —, and sind= —2Va —e (23) 
1+ atan’o 1+ atan’ o 
By making use of equations (21), (22), and (23), equation (18) becomes 
dz, , ds 1B tan o 


= U = 


da doa 7 D+ B14 a tan? . 


This equation readily integrates to give 


2B (’ + a tan? “) - 
1=> - og "1, 
™ (a — 1)(D + B) S 1+ tan’ o ” 


where ¢; is a constant. We find that in virtue of the definition of a, the coefficient 
in front of the logarithm in equation (25) is unity; we are thus left with 


1+ atan’o 
x; = log - + ¢;: 
1+ tan’ o 


An alternative form of this last integral is 
e' = e“ (cos? ¢ + asin? a): 
6. With uw! given by equation (18), equation (15) can be rewritten as 
dxo 2 ie 
- -]) (D — 2B cos 6), (28) 
do D? — B 
or making use of the relation given in (23), we find after some further reductions 


dx ( 2D? ) ; L_9 ) sec? o Ig 
* + 22 . 2 
dao D? — B? bitte 1+ atan’o cave 
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The integral of this last equation is readily found to be 


2p: \" 
wM= (= = =) o + 24/2 tan! (Va tan o) + &, (30) 


where ¢p is a constant. 
7. It remains to integrate equation (14) for 2. Rewriting this equation in the 


dite 2B? = 
, = agg 0, (31) 
do (= — =) te 


form 


and making use of equations (23) and (26), we have 


dite m ( 2B? ) * _., (1 — a tan? a) sec? o 
= v4 & . 
Dt — B (1 + a@ tan? o)? 


do 


This equation is readily integrated and we find 


= 2B? /t tan o be 
= 2-4 rane (33) 
D? — B 1+ atan’? o 


where ¢ is a further constant. 

8. Equations (8), (26), (30), and (33) represent the complete solution of the 
geodesic equations. In Figure 1, we illustrate the behavior of these solutions for 
the case a = 3/4, and co = ¢; = Co = ¢3; = O (the slope for 2x; is arbitrary within 


limits). 


We have already drawn attention to certain limitations on the admissible values 
of the constants arising from the definition (cf. equation (12)) 


D? = 2(B? + C? + 1). (34) 


This definition implies further restrictions on the possible range of the constant a. 
Thus, 

D-B B? + 2C? + 2 (35) 
eo = : . 30 

““ D+B [2(B? + C2 + 1)” + BY 

The admissible range of a, so long as B is positive, is, therefore, 
1>a> (V2 — 1)? = 0.1716. (36) 
The two sides of this inequality arise from the limits B = 0, and C = Oand B> o, 


respectively. 
When negative values of B are also allowed, the full admissible range of a@ is 


clearly 
(./2 + 1)? > a => (V2 — 1)* (37) 
9. Gédel has exhibited the rotational symmetry of his metric by transforming 
to a system of cylindrical coordinates, r, ¢g, and ¢ in the subspace x3; = constants. 
The requisite transformations are: 


e*' = cosh 2r + sinh 2r cos ¢, (38) 
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and 


In these new coordinates, the metric (2) becomes 


ds? = 4}dt? — dr? — dy? + (sinh* r — sinh? r)dg? + 2y 2sinh? rdgdt}- (42) 


By considering the special geodesics of the metric (42) which correspond to 
“circular orbits,” r = constant, described uniformly, Gédel has drawn the con- 
clusion that these orbits allow one “to travel into the past, or otherwise influence 
the past.” It is, therefore, of interest to relate Gédel’s special geodesics with the 


general ones we have found. 


——— 
3.0 


2.0 





Pia... 1, 





, we may observe that according to equations (38) and (39), 
2e7' cosh 2r = 1+ ad ok @2?* f (48) 
whereas according to the solutions for 2, and x. given by equations (27) and (33) 
(with c. set equal to zero), 
B l—a 


7 sn 2o = sin 2o. (44) 
(D2 — B2)'? Sato 
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(In equation (44) and in the sequel, the signs when square roots are taken are 
those appropriate for B > 0; the final results will be independent of this choice 
but the signs in the intermediate equations are not.) 
From equations (35) and (40), it now follows that along the geodesics. 
,; ; l—a., 
sinh 2r sin ¢ = sin 2c: 


2Va 


Similarly, from equations (27), (43), and (44) we find 


1 + e*(cos? ¢ + asin? o)? + [(a — 1)?/4a] sin? 20 


2e"'(cos? ¢ + a@ sin? a) 


(46) 


cosh 2r = 


11. According to equation (46), r is in general a function of o (i.e., of s). How- 
ever, for a special choice of the constant ¢, we shall show that r becomes independent 
of o. 

Now if r should be independent of o, then from a comparison of the values of 
cosh 2r for o = 0 and o = 7/2, we get 


(47) 


or a : (48) 


Qe ° ° 5a . 
and when e~’ has this value, equation (46) is found to reduce to 


] ] 
cosh 2r = ( - Va); 
2\va 


and r is indeed a constant. 
When B > 0, a < 1 and equation (49) implies that 


—2r 


e = Ya and sinh 2r = 


When r has this constant value, equation (45) gives 
sin ¢ = sin 2¢. 
If we restrict ourselves to 0 < 27, then we may write 
eo = Zoe. 
Turning finally to equation (40), we have along these geodesics 


2/20 + a — 2t = 2/2 tan—! (Va tan oa). 


Combining this result with the general integral (30), we obtain 


_ ( 2D? "7 ( a+ ‘) 
t= 4V/2—- -o = 1 - 
(**" in — ay fF” ijat 


Alternatively, we can write 


t = V/2(1 — 1/2 cosh 2r)o = Bo (say). 
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12. The limits (37) on @ implies that there is a limitation on the radius of the 
circular orbits we have considered. For, according to equation (49), we must 
have 


1 < cosh 2r S V2 (56) 


The origin of this upper bound on r becomes apparent when we evaluate (cf. 


equation (42)) 
d>? = dt? + (sinh! r — sinh? r)dg? + 2/2 sinh? r de¢dt (57) 
for the orbit described by equations (49), (52), and (55). We find 


d>? = (1 — !/2 cosh? 2r)da?- 


Accordingly, when cosh 2r has its maximum value specified by (56), d=? = 0. 
In other words the circular orbit of the maximum radius is the null geodesic. 

13. Finally, it is important to remark that for the range of r allowed by (56), 
the constant of proportionality 8 between ¢ and o (= '/2¢) is always positive. 
This last fact seems to be contrary to some statements of Gédel from which he 


has drawn the conclusion we have quoted earlier. 


1 Gédel, Kurt, “An Example of a New Type of Cosmological Solutions of Einstein’s Field 
Equations of Gravitation,’’ Rev. Mod. Phys., 21, 447-450 (1949). 

2 Robertson, H. P., “Relativistic Cosmology,’ Rev. Mod. Phys., 5, 62-90 (1933), see p. 65. 

3 Gédel, Kurt, ‘A Remark about the Relationship between Relativity Theory and Idealistic 
Philosophy,’’ Albert Einstein: Philosopher-Scientist (Evanston, Illinois: The Library of Living 


Philosophers, Inc., 1949), pp. 557-562. 


ABSENCE OF DISPERSIVE PROPERTIES OF SPACE FOR 
ELECTROMAGNETIC RADIATION TESTED TO +14 X 10-°; 
COMMENTS ON A PROPOSAL OF SOFTKY AND SQUIRE* 


By Jesse W. M. DuMonp 


CALIFORNIA INSTITUTE OF TECHNOLOGY, PASADENA, CALIFORNIA 
Communicated January 17, 1961 


In session J / of the Berkeley meeting of December’30, 1960, 8. D. Softky and 
R. K. Squire proposed a test for dispersive properties of space for electromagnetic 
radiation by detonating a nuclear explosive at a distance of 10° miles from the 
earth and noting the arrival times of different types of radiation at detectors above 
the atmosphere. In justification of such an experiment (which will no doubt cost 
the taxpayer several tens of millions of dollars), they assert the following, which I 
quote directly from their published abstract: ‘‘Measurements of ¢ for different 
frequencies of radiation (radio waves, light, and ratio of esu to emu) have not 
demonstrated that ¢ is independent of frequency . . . Astronomical tests of the in- 
variability of ¢ with frequency have been done only for optical frequencies . . . In 
view of the importance of c in many physical theories, it is thought that an accurate 
comparison for radio, optical, X-ray, and y-ray frequencies would be worth while.”’ 
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The purpose of this note is to point out that Softky and Squire have overlooked 
the fact that a test for the dispersive properties they postulate already exists, 
covering perhaps not quite as extensive a range of the electromagnetic spectrum 
as they hope to cover (they claim a factor of 10'') but nevertheless sufficient to 
render any such effect extremely unlikely over a range of frequencies of a factor 
of 5 X 10°. I refer to a measurement performed in 1950 by means of the bent 
quartz crystal diffraction spectrometer! of the wavelength of the annihilation radi- 
ation generated in a block of copper by positrons from the nuclide ®*Cu. 

The argument is a simple one, as follows. Let us admit for the moment the cor- 
rectness of the relativistic formula for the rest-mass energy of an electron, moc? 
where c, is the velocity of propagation of visible light waves or radio waves. ¢ 
is now probably known to about 1 ppm.?:* The suecess of this formula in com- 


puting from nuclear reaction energy data masses of many. nuclides with results 


in good agreement with masses measured very accurately by mass spectroscopy 
is well known.’ Let us also admit for the moment the correctness of the quantum 
theory to the extent of equating the above energy, mci to the quantity, hy, in 
order to compute the frequency, v,, of the two equal annihilation radiation photons 
emitted in the annihilation process. Further let us admit that the relationship 
between the wavelength, A,, of the annihilation radiation and the frequency, va, 
of that same radiation is ¢2 = Agva where ¢: is the velocity of propagation of the 
annihilation radiation whose frequency is certainly of order 5 X 10‘ times greater 
than that of visible light and easily 5 X 10° times greater than that of the longest 
radiowaves. One readily concludes from these three relationships that 


Na = (h/moes) (C2/c1). (1) 


Now the 1951 measurements of Muller, Hoyt, Klein, and DuMond yielded a 
value for A, = h/moc; to within the precision of the measurements (+ 13.6 parts 
in 10°) in excellent agreement with the 1955 least-squares adjusted best values of 
h, mo, and ¢, values obtained from a highly overdetermined set of precise input data® 
based on measurements chiefly made at ordinary optical quantum energies and 
completely independent of the measurement of the annihilation radiation which was 
not used in the 1955 adjustment. 

One is therefore forced to the conclusion that either c./c, = 1 to within +13.6 
parts in 10°, where c, and ¢, are velocities of propagation of electromagnetic radi- 
ation differing in frequency or quantum energy by a factor as much as 5 X 10%, 
or else that we must discard one or both of the two relations, moc] = hve = heo/Xa, 
and along with them a great deal of modern physics. The annihilation radiation 
wavelength measurement has been discussed in a text published three years ago.® 


* Work performed under the auspices of the U.S. Atomic Energy Commission. 

1 Muller, D. E., H. C. Hoyt, D. J. Klein, and J. W. M. DuMond, Phys. Rev., 81, 468 (1951). 

2 Bergstrand, Erik, Ann. frang. Chronom, 11, 97 (1957). 

3 Froome, K. D., Proc. Roy. Soc., A247, 109 (1958). 

‘ Everling, F., L. A. Konig, and J. H. E. Mattauch, Nuclear Phys., 15, 342 (1960). 

5 Cohen, E. R., J. W. M. DuMond, T. W. Layton, and J. 8S. Rollett, Rev. Mod. Phys., 27, 363 
(1955), or in more detail see J. W. M. DuMond, J.R.E. Trans. on Instrumentation, 1-7, Nos. 3 and 
1 ( Deec., 1958). 

6 Cohen, E. R., K. M. Crowe, and J. W. M. DuMond, Fundamental Constants of Physics (New 


York: Interscience Publishers, 1957), p. 157. 





CRITICALITY ESTIMATES FOR SPHERES AND SLABS 
By T. W. MULLIKIN 


THE RAND CORPORATION, SANTA MONICA, CALIFORNIA 
Communicated by S. Chandrasekhar, January 24, 1961 


1. Introduction.—In the theory of neutron transport, the determination of the 
critical mass of a reactor is reduced to a determination of the spectral radius of a 
linear integral operator 7’. Various methods are available for estimating this 
quantity. ? 

The operator 7 is obtained by passing from the steady-state transport equation 
for the neutron angular distribution to an integral equation for the neutron flux. 
At one stage in this transformation, 7’ is represented as an integral of a one-param- 
eter family of compact. self-adjoint operators whose spectral resolution is known. 
We exploit this to obtain upper-bound estimates on the spectral radius of 7’, i.e., 
lower-bound estimates for the critical mass. 

This is done for spheres and slabs under the assumption of mono-energetic 
neutrons and isotropy of the collision-fission process. A numerical example is 
given for a bare slab as evidence of the accuracy of the bounds. 


We plan to pursue this idea in more generality elsewhere. It is also planned to 


give a more comprehensive analysis of the accuracy of the bounds obtained here. 

2. The Transport Equation.—We consider a slab reactor which is infinite in two 
dimensions and of finite thickness 2a. We make the assumptions of constant mean 
free path (which we choose as the unit of length), constant energy, and isotropy of 
the collision-fission process. The slab is surrounded by a perfect absorber. 

The steady-state neutron flux in a critical reactor solves the eigenvalue problem 


OF a a 
p(x) : | ply)c(y) [ dt dy, (2.1) 
é ee 

« a J r—-y 


where p is required to be nonnegative. The function e(x) is the average number of 
neutrons produced per collision. The theory will apply to any nonnegative func- 
tion c(x); however, for the explicit results which we present, it will have the form 


c(x) (2.2) 


Of course, (2.1) has a nontrivial solution only for special values of ¢, ¢2, a ,and b. 
Our objective is to estimate the relationship that must hold among these quantities. 

An equivalent statement to (2.1) is that we vary a and b until eA = 1, where \ 
is the maximal real eigenvalue of the operator 7’, defined by 


Tfi= 


and T,J(s) = * f(He(ddt. (2.4) 
. ae 


This form is obtained from (2.1) by an interchange of the order of integration, and 


349 
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it is also one step in the derivation of (2.1) from the steady-state transport equation 
for the neutron angular distribution. 

The operators T and 7,(u > 0) are compact self-adjoint operators in the real 
Hilbert space L.[—a, a], where the inner product is defined by 


(f, ge = Soa flx)g(x)e(x)de. 


With the simple function ¢ defined in (2.2), it is easy to compute the spectral 
resolution of the operators 7, (u > 0), since they are inverses of one-dimensional 
diffusion operators with separated end-point boundary conditions. 

The operators 7, (u > 0) do not commute, so that we do not obtain immediately 
the spectral resolution of the operator 7. However, the spectral resolutions of the 
T’, (u > 0) can be used to give a representation to the operator 7’ which is free of the 
logarithmic singularity evident in (2.1). In addition, we obtain estimates on the 
eigenvalues of 7’. 

Since 7 and the T 
is given by 


are positive and self-adjoint, the maximal eigenvalue of T 


1 
max (7'f,f). = max f 
a sill=1/0 


pias Sms 
so that MT) < { ee ae 
/7 0 


“ 


we 

The critical dimension of a slab with given values of ¢; and ¢2 is determined by 
varying a and 6 until @A(7) = 1. This, of course, is not unique for finite reactors 
unless a = b. However, (2.7) can be used, together with some conditions on a and 
b, to estimate the critical dimension. 

3. The Bare Slab and Sphere.—We consider the relatively simple situation of a 
bare reactor so that a = b in (2.2). 

With a computation of the spectrum of the operators 7'u, we obtain from (2.7) 


T : . : : 
A(slab) < a In y + sin? t + alCi(mr) — Ci(28)], (3.1) 


7 
where 07 C= i= —* 


) | 


; = cos t ie oat 
and Ci(z) = — [ , dt. (3.3) 


As a test of (3.1), we have used the Raleigh-Ritz method to obtain a lower bound 
on \(7’) for the case a = 1. The numerical methods employed in the computations 
of the lower bound are accurate to two decimal places. We found 


0.781 < X(slab, a = 1) < 0.784. (3.4) 


An eigenfunction @ for \(7’) can be chosen as a positive even function. An 
eigenfunction VW of 7 corresponding to the next largest eigenvalue describes the 
steady-state flux W(s)/s of a sphere of radius a and is an odd function of s (ref. 2, 
chap. 8). 
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It is easy to show that the second largest eigenvalues of the 7, (u > 0) can be 
used to give the estimate 


oT . a oe 

A(sphere) < a In + sin? ¢ — a[Ci(2r) — Ci(r + 26)], 
w+ 2t 

T T ed 

where a cot t i. + t, | oe 3.6) 


») 


4. Core and Reflector.—We briefly consider a slab reactor which has a core and a 
reflector, each with the same mean free path. We find 


du 


MT) < ” 
PF (ey 


7! 
0 
1 + wa tanh a(a — bd) 


where p tan pb = a 
pa + tanh ala — b) 
> > C\ 
and (ua)? 1 — r— r(up)?, 
C2 
There is no apparent simplification of the quadrature. 
If we allow the reflector to become infinite, we obtain 


(71 . 3/> ™/2 sin pcos p dp 
A(T) Ss 1 — (1 — r) cos? t + 9b(1 — r)” - : 
. r + tan? p|” p 


with t tan t (1 — r)b? — re? 


' Bellman, R., and R. Latter, “On the integral equation Af(x) = S2K(a — y)f(y)dy,”’ Proc. 
Amer. Math. Soc., 3, 884-891 (1952). 
2 Davison, B., Neutron Transport Theory (Oxford Press: 1957). 


ACTION POTENTIAL AND SECRETORY POTENTIAL OF SWEAT 
GLANDS* 


By Davip P. C. Luoyp 
THE ROCKEFELLER INSTITUTE 
Communicated January 17, 1961 


Sweat glands of the cat’s foot pad yield, upon stimulation of their nerve supply, 
electrical potential and electrical impedance changes recordable by means of elec- 
trodes placed one upon the foot pad, the other elsewhere on or under the skin 
surface. The impedance changes recently have been discussed in considerable 
detail as they relate to duct filling through sweat formation and duct emptying 
through reabsorption.':? Relatively little attention has been accorded the elec- 
trical potential changes attributable in the cat’s foot pad to activity of sweat 
glands. 

The first recordings of electrical potentials in the cat’s foot pad were made by 
Waller® in 1901 and 1904 who left no doubt as to their secreto-motor origin. More 
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recently, Wang and Lu,* Richter and Whelan,® and Patton‘ all have described the 
“galvanic skin response’ consequent to stimulation of the sudomotor nerve fibers 
as a wavelike potential, negative in direction at the foot pad surface. This on 
repetitive stimulation at suitable frequency sums to produce a sustained negative 
deflection (ef. Fig. 3). The electrical expression of sweat gland activity, however, 
is not so simple, as will emerge in the ensuing account. 

Richter and Whelan? relate these “galvanic skin responses” specifically to activa- 
tion of the sweat. glands rather than to the amount of moisture in the sweat ducts. 
With this view the present account is in full agreement. However, it is proposed 
to call them ‘action potentials” rather than “galvanic skin responses,”’ this because 
there are other potential changes, hitherto neglected, positive in direction and of 
different character, that do correlate with changes in moisture content of the sweat 
ducts, and which could equally be called “galvanic skin responses.”” These latter 
undoubtedly correspond to the ‘‘secretionsstréme der Haut’”’ described by Her- 
mann and Luchsinger.’ For this reason, and anticipating the evidence to be 
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Fig. 1. Above: Electrical response to stimulation 5 min in duration 
at frequency of 12 per min the ducts initially being empty. Negativity 
at the foot pad surface recorded upwards in this and all other records. 
The second oscilloscope beam provides a baseline. 

Below: Response to similar stimulation in another peparation the 
ducts initially being full. Note positive shift in baseline from resting 
level due to prior stimulation designed to fill the ducts. Time line at 
bottom: 20 seconds. 





presented here, they will be called “secretory potentials.”” There is evidence in 
one of Waller’s figures* that he did in fact record both the action potential and the 
secretory potential of the present description. However, he did not discuss the 
reversal of potential apparent in that record. 

Cats in nembutal narcosis provided the experimental preparations. The sudo- 
motor nerve supply to the hind leg was stimulated in its course through the cen- 
trally severed plantar nerves. Zn-ZnSO, electrodes were placed one on the central 
foot pad, the other under the skin close by the ankle. These were held in place 
by plastic tape which served also as an evaporation barrier. The leads were taken 
to a direct-coupled amplifier and cathode ray oscilloscope for recording of potential 
changes, or to an impedance bridge for recording of impedance changes. An 
oscillator set at 20 cycles served as generator, and the cathode ray oscilloscope with 
associated capacity-coupled amplifier as detector. 

Sudomotor Responses with Ducts Empty and Full.—Following a prolonged period 
of rest. the sweat gland ducts by reason of reabsorption are empty.’ After a bout 
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of stimulation (of some 2 min duration at 10 per sec) they are full. Figure 1 
presents recordings, in the two circumstances, of response to low-frequency trains 
of stimuli. In the resting state (upper record) the negatively directed action 
potentials initially are small, but as the underlying positively directed potential 
develops they grow in amplitude and would in a matter of some 10 min at this 
frequency reach a steady state value. The underlying positive potential change is 
the secretory potential. During continued stimulation at this frequency it too 
would reach a steady state value in approximately 10 min. After the close of 
stimulation it recedes slowly over a course of many minutes (complete recovery is 
not shown in Fig. 1). Initially the negative action potentials have an amplitude 
of some 0.1 to 1.0 mV. At maximum they may reach 15 to 20 mV in amplitude, 
as may also the secretory potential. 

Prior to making the lower record of Figure 1 the motor nerve had been stimu- 
lated for a total of 5 min at a frequency of 10 per sec with the result that the po- 
tential level, as shown by its downward displacement, had shifted to a steady 
relative positivity. The action potentials elicited in this circumstance by low- 
frequency stimulation constitute a practically uniform series and there is during 
the stimulation no further production of positive potential. 





! 


Fic. 2. In general as Fig. 1, but stimulus frequency of 10 per sec 
employed. Left: Fifty see stimulation ducts initially empty Right: 
One min stimulation ducts full. 


Since by other criteria’ the ducts were empty in the one case and full.in the other 
there is good initial reason for supposing the production of positive potential to be 
related to duct filling. There is also the increment in recorded action potentials 
to be accounted for. Known is the fact that impedance across the foot pad de- 
creases during stimulation, and recovers following it,? in exactly the manner in 
which the positive potential develops and wanes (an example of this is shown in Fig. 
5). A simple explanation for the increment in action potentials would be that 
decrease in impedance between the two electrodes and in series with the action 
potential generators, by virtue of duct filling, provides a better lead to those 
generators and thus enhanced magnitude, as recorded, of their response. Ac- 
cording to this accounting the increment in recorded response is essentially arti- 
factual in not representing an increment in actual response of the sweat gland cells. 
However, one cannot rule out the possibility that other reasons for change in 
amplitude exist. 

Difference between responses recorded with ducts initially empty and ducts 
full is very striking at high frequencies of stimulation for then the rate of secretion 
is high, as are, in consequence, that of duct filling, if the ducts are empty at the 
onset. of stimulation, and development of the secretory potential. Figure 2 il- 
lustrates the difference. On the left is a recording made with the ducts initially 
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empty: to the right is the comparable recording made with the ducts full. The 
stimulation frequency was 10 per sec. If a long rest period has been permitted 
the glands there is scarcely any negativity and the positive-going secretory potential 
is so large and develops so rapidly that it dominates the recorded response, which 
approaches a monophasic positive deflection. On the contrary if the ducts have 
been filled by antecedent stimulation the secretory potential is at a ceiling and 
offers, other than a shifted base line, no contribution to the potential change, which 
approaches a monophasic negative deflection. 

The Action Potential of Sweat Glands.—According to the foregoing the action 
potentials of sweat glands will be recorded with minimal distortion when the sweat 
ducts are full for then there is with stimulation no further production of secretory 
potential. Figure 3 contains recordings made in that circumstance of the action 

potentials generated during brief stimulations 
at various frequencies. The individual action 
potentials (record A) and the manner in which 
they sum at increasing frequency of stimulation 
(records B to F) conform in general with the 
descriptions by Richter and Whelan’ and by 
Patton® and require no detailed description. 
Action and Secretory Potential in Single Re- 
sponses.—When the sweat glands have been 
rested for some time a single stimulus to the 
sudomotor supply can elicit a response that 
contains both negative action potential and 
ensuing positive secretory potential. Figure 4 
illustrates such a response. Following a single 
action the secretory potential endures for some 
60 to 70 sec. This indicates that 60 to 70 
seconds are required to reabsorb the sweat 
product of a single action, which is in general 
Fiske - en as mana. conformity with ot her estimates* of the relative 
ulation at (from above downwards) in- Yates of secretion and reabsorption. 
Teg ig prom spn corer : Secretory Potential und Impedance.—V igure 
respectively. Time: 1 sec. 5 exemplifies the proposition that the secretory 
potential and the impedance change during 
and following stimulation of the sudomotor nerve supply follow identical courses 
and are, therefore, to be considered as signs of the same fundamental processes 
at work. Positive-going secretory potential (upper record) develops part passu 
with the fall of impedance (indicated in the lower record by the widening band) 
which latter signifies duct filling.2 After the close of stimulation the potential and 


impedance change revert along a common course toward resting value as reab- 


sorption of sweat from the ducts progresses." 

Secretory Potential and Stimulus Duration.—Figure 6 illustrates the manner in 
which the secretory potential grows in amplitude with increasing duration of 
stimulation. The relation is exactly that which obtains between impedance and 
stimulus duration.2. Over most the range magnitude of secretory potential runs 
a logarithmic course with respect to stimulus duration. The logarithmic relation 
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Fic. 4. Action and secretory potentials in response to a single motor nerve 
stimulus. Time: 1 sec. 


between magnitude of secretory potential and stimulus duration, like the relation 
between impedance change and stimulation duration, is a consequence of the core- 
conductor properties of the sweat duct epithelium? and similarly indicates a linear 
relation over most the range between sweat formation and stimulus duration. 


Increment in secretory potential falls off rapidly and reaches a ceiling in the 


range of stimulus durations that would, on other evidence,’ cause profuse sweating 
that would bring duct filling to completion. 

Secretory Potential and Stimulus Frequency.—! igure 7 shows the effect of varying 
frequency of stimulation, the number of stimuli being held constant. The curve 
relating magnitude of secretory potential to stimulation frequency is essentially 
the same as that relating impedance change to frequency? and the interpretation 
is similar. At low frequencies of stimulation reabsorption is relatively a significant 
factor in determining the amount of duct filling for a given number of stimuli, 
the sweat produced per stimulus being a constant.? As frequency is raised reab- 
sorption, proceeding at a constant low rate, becomes progressively a lesser factor 
and the amplitude of the secretory potential (and of the impedance change equally) 
increases to an apparent ceiling at a frequency of 10 per sec. 

Conclusions.—The electrical response of the cat’s foot pad, or “galvanic skin 
response” contains two components: the action potential and the secretory po- 
tential (Fig. 1). By varying the conditions either the action potential or the 
secretory potential can be made to dominate the galvanic skin response giving to 
it the superficial appearance of phase reversal (lig. 2). The action potentials are 
brief in duration, negative in sign at the foot pad surface and capable of summation 
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Fic. 5. Potential change (above) and impedance change (below) during and after 
a period of stimulation at 30 per min. frequency. Time: 20 seconds. 
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Fic. 6. Amplitude of secretory potential as a function of stimulus 
duration at constant frequency of 10 per sec. 


»). In every 


to produce a sustained negatively directed potential change (lig. 3). Secretory 


potentials are positive in sign and of great duration (igs. 4 and 
respect the secretory potentials behave as do the impedance changes caused by 
sudomotor stimulation (igs. 5, 6, 7) from which it is concluded that they, like 
the impedance changes, indicate the rise and fall of the sweat columns in the sweat 
gland ducts. Once the ducts are full the secretory potential reaches a ceiling, as 
does impedance change, and further sweating is unaccompanied by further potential 
change. Thus, as is so with impedance changes! there can be minimal sweating with 
large secretory potential change due to duct filling and profuse sweating with 
minimal secretory potential change because the ducts are full. 

Possible Interpretation of Galvanic Skin Responses in the Human.—lt is customary 
to record galvanic skin responses in the human by one of two methods. The one 
method, after Tarchanoff,’ merely connects two points on the skin through a 
galvanometer. This, sometimes called the ‘‘endosomatic’”’ method records potential 
changes generated in the skin. The other method, after Veraguth,'’ passes a 
current through the skin and measures resistance. This is the so-called ‘‘exoso- 
matic”? method. These two methods are comparable, except for the use of 
d-c rather than a-c resistance measurements, to the two methods herein employed. 

Records obtained by the two methods in humans differ in form;!!: !? those by 
the endosomatic method being diphasic or even polyphasic, whereas those by the 
exosomatic method are monophasic. While it was thought that the galvanic 
response of the cat’s foot pad was a simple monophasic deflection,‘~® it was not 
easy to account for these differences in human responses. 
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Fic. 7. Amplitude of secretory potential as a function of stimulus 
frequency the number of stimuli being held constant at 60. 


At the present time it is possible to suppose that the more complex records ob- 
tained by the endosomatic method represent combinations of action potential and 


secretory potential such as are seen in Figure 4 whereas by the exosomatic method 


the simple monophasic deflection would represent the fall in skin resistance and its 
return as indicated by the form of the impedance change seen in Figure 5. The 
differences between endosomatic and exosomatic recordings in humans thus are of 
the sort to be expected according to the present observations. 

* This investigation was supported in part by a Public Health Service research grant number 
B-2816 from the National Institute of Nervous Diseases and Blindness, U. 8. Public Health 
Service. 
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TEMPERATURE AND THE ACTION OF SWEAT GLANDS*: + 
By Davin P. C. Lioyp 
ii tsi ill igen 
Communicated January 17, 1961 


Whether or not the eccrine sweat glands of the cat’s foot pad possess a centrally 
controlled thermoregulatory function is not certain, but that is not the question 
herein at stake. Indeed, the present discussion concerns the behavior of sweat 
glands deprived by nerve severance of their central control. It describes the in- 
fluence of temperature change upon activity of the peripheral neuroglandular 
apparatus and considers in this connection the question of nonnervous thermal 
sweating. 

Cats in nembutal narcosis have been studied. The plantar nerves were severed, 
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Fic. 1.—Latency for beginning sweat emergence as a function of rest 
period duration following a maximal stimulation. Upper curve, 
35-35.5° C; Lower curve, 38.5-40° C body temperature measured rec- 
tally. The filled circles, crosses, and open circles in that order establish 
the sequence of observations. 
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thus removing central influence, and their peripheral stretch was prepared for 
stimulation. Visual observation of sweat emergence was aided by use of a low- 
power microscope.! Potential changes were led to a d-c coupled amplifier and 
recorded oscillographically.2. Impedance changes were measured by an impedance 
bridge with suitable a-c amplification, the generator supplying a 20-cycle sine 
wave, the oscilloscope employed as a null-point detector.* 

In some experiments, body temperature was manipulated by heating pads and 
ice bags and measured rectally. In others, a heating pad or ice bag was applied 
locally to the foot and temperature was measured at the foot pad by means of a 
thermister thermometer. The latter method represents a refinement added 


during the course of the work. 
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Fic. 2.—Latency for beginning sweat emergence as a function of body 


temperature, the rest period following maximal conditioning stimula- 
tion being constant at 10 min. The observations were made during 
warming (filled circles), cooling (open circles), and rewarming 


(crosses). 


Temperature and the Latency of Sweat Emergence.—lf the sweat ducts have been 
filled by reason of sudomotor stimulation and if a subsequent test stimulation, 
of frequency 10 per sec, be delivered after an interval, it is found that the latency 
of sweat emergence in response to the test stimulation varies linearly with duration 
of the rest period between stimulations.' The explanation is that reabsorption 
goes on during the rest period and varies in degree linearly with duration of that 
rest period. Figure | illustrates the experiment performed at two ranges of body 
temperature: 35-35.5°C for the upper plot, 38.4-40°C for the lower. In each 
case, the relation between rest period and emergence latency is linear, as expected, 
but the slopes differ, emergence latencies being at the higher temperature roughly 
a third shorter. 

Another way of doing the experiment is to hold the rest period constant and to 
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measure emergence latency as a function of varying temperature. Figure 2 shows 
the result of such an experiment. From this type of observation, it is seen that 
emergence latency is a linear function of body temperature. 

Unfortunately, it is not possible to measure secretion independently of reabsorp- 
tion and the end result in Figures 1 and 2 will have been influenced by any change 
that might have taken place in reabsorption rate. 

Temperature and Reabsorption.—Reabsorption can be measured independently 
by observing the change in impedance that occurs during recovery following a 
period of intense activity.’ Figure 3 contains two plots of the recovery of im- 
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Fic. 3.—Course of impedance changes following the end of sudomotor nerve 

stimulation, at 10 per sec frequency and of sufficient duration to bring the im- 


pedance level to constant low values indicating full activity. For curve A, foot 
pad T = 27-27.5° C; for curve B, T = 36-36.5° C. 


pedance. For one of these (A), the foot pad temperature was 27-—27.5°C; for 
the other (B), it was 36-36.5°C. It is evident from comparison of the two curves 
that reabsorption progresses at a considerably higher rate at the higher tempera- 
ture. From this, it appears that the shortening of latency for sweat emergence 
with increase in temperature, as seen in Figures 1 and 2, takes place in the face 
of an increased rate of reabsorption. 

The Question of Thermal Secretion.—The effect noted in connection with Figures 
1 and 2 might be explained in one of two ways. One might suppose that the sweat 
glands are constantly secreting in the resting state at a rate that is temperature-de- 
pendent. The balance between secretion and reabsorption would be shifted by a 
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rise in temperature with the result that there would be, after a given rest period, 
more sweat in the ducts and hence the latency for emergence would be shorter. 
Alternatively, one could suppose that the reactivity of the secreting cells to nerve 


impulses would vary as the temperature. Then, fewer nerve impulses in the test 


sequence would at the higher temperature produce an equivalent amount of sweat 
and, in consequence, the latency of emergence would be reduced. 

The first of these two possibilities postulates a nonnervous thermally controlled 
secretion of the sweat glands. It is a postulate that can be tested by observation 
of the sweat gland action potentials during temperature change. If the mean level 
of sweat in the ducts were to rise during warming, which it would have to do to 
account for the results of Figures 1 and 2 on the postulate of nonnervous thermal 
secretion, then the action potentials of the sweat glands would increase in recorded 
magnitude due to lowering of in-series resistance.” 

Figure 4 shows the results of three experiments designed to reveal during warm- 
ing any change in the sweat gland action potential. It is necessary to employ 
very low frequency testing stimulation in order that the stimulation itself should 
not build up the sweat columns, so causing an increment in recorded response. 
A test frequency of one per min is satisfactory? and was used throughout. Reading 
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Fig. 4.—Action potentials of the sweat glands elicited once per min in three experiments in 
which foot pad temperature was raised from 26° C to 36° C from 27.5° C to 36° C, and from 
25.5° C to 34° C, respectively. There is no change with temperature in amplitude of action 
potential. 


from left to right, foot pad temperature rose from 26° to 36°C, from 27.5° to 36°C, 
and from 25.5° to 34°C respectively in the three experiments illustrated. In each 
of the experiments, there is a small shift in the resting potential difference across 
the foot pad, but these shifts displayed no consistent electrical sign. Of importance 
to the present consideration, however, is the absence of any change in recorded 
magnitude of the action potentials elicited by electrical stimulation. From this 
fact, one would conclude that there had been no change in the mean level of sweat 
in the ducts. This in turn gives good reason for supposing that nonnervous thermal 
secretion of sweat does not occur except possibly at very high temperatures caused 
by local heating.‘ Certainly there is no ground for invoking nonnervous sweating 
to account for the results shown in Figures | and 2. 

The conclusion to be drawn from these experiments is that a rise in temperature 
enhances both the secretory response to nerve impulses and the reabsorptive func- 
tion of the sweat glands, the former necessarily to a greater degree than the latter. 
This implies that the sweat glands during reflex sweating would yield per nerve 
impulse sweat in amount varying with local temperature. In other words, the 
properties of the peripheral effector would modulate the response due to central 
action. In this is found an explanation for the fact there is during general reflex 
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sweating induced in man by local heating more sweating at the sit e of direct heat 
exposure than there is elsewhere. * 

* This investigation was supported in part by a Public Health Service research grant number 
B-2816 from the National Institute of Nervous Diseases and Blindness, U. S. Public Health 
Service. 

+ A preliminary account was presented before the Physiological Society, Cambridge, July 9, 
1960, and appeared in abstract form in J. Physiol., 153, 45-46 (1960). 
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THE ROTATIONAL SPLITTING OF THE FREE OSCILLATIONS OF 
THE EARTH 
By GrorGE Backus AND FREEMAN GILBERT 


THE INSTITUTE OF GEOPHYSICS AND PLANETARY PHYSICS OF THE UNIVERSITY OF CALIFORNIA AT 
LA JOLLA, AND GEOPHYSICAL SERVICES INCORPORATED, DALLAS, TEXAS 


Communicated by Walter H. Munk, January 25, 1961 


Introduction. —The Chilean earthquake of May 22, 1960 excited oscillations of the 
earth with periods from six to one hundred minutes which were observed continu- 
ously on strain gauges! for 265 hours after the main shock and at one-minute inter- 
vals on a gravimeter? for 110 hr. In the Fourier spectra of these records, peaks 
were observed which corresponded well with the characteristic seismic oscillations 
computed by Pekeris* and Gilbert and MacDonald‘ for certain earth models. 
Some of the observed peaks, however, differed in period trom the theoretical spec- 
tral lines, and some of the observed peaks appeared to be double or triple, the com- 
ponents being separated by as much as two minutes and the theoretical line falling 
approximately at their mean position. 

The displacements of observed peaks relative to theoretical frequencies presum- 
ably reflect slight errors in the earth model used in the theory and will not be dis- 
cussed further here. The line splitting cannot be explained thus; we propose to 
explain it quantitatively as an effect of the diurnal rotation of the earth. 

The effect of rotation on the characteristic frequencies of a mechanical system execut- 


ing small oscillations about equilibrium: Consider a dissipationless system of N 


point masses m, with positions r, whose motion is governed by a potential energy 
U(r, ..., ry). If this system is viewed from a coordinate system rotating with 
constant angular velocity Q = 02(x, y, 2 being unit vectors in the x, y, z coordinate 


directions), the equations of motion are 


malfe + 2Q2Xre+ 2X (QXr,)| + VU = 0. (1) 
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Suppose there is a time-independent solution R, of (1), and consider motions of the 
form 

r,(t) = R, + S,(4), (2) 


is sufficiently small that V,U + m,Q X (Q X r,) can be approximated 
linearly by 


where $ 


a 


N 
~v.V,U (Ri, ...y Ry)*Sg + m,Q X (Q X 8,). 
1 


3 
Define q, and Ug, as follows: 


q. = m,''S.; (3) 


a a 


a ma *!?m 29 ..0,U (Ri, , Rp). (4) 


a 
Then for each fixed a and 8, the three-dimensional second-order tensor U,, satisfies 


U a | ee (5) 


ap 


where U” denotes the transpose of WU; for dyads, (xy)” = yx, ete. The linearized 
equations of small oscillation about the rotating equilibrium configuration R, are 


da Si 22 x Va 5 Q x (Q X qa) 5 Usd 0. (6) 


In equation (6) and all subsequent equations not specifically excepted, we use the 
Einstein summation convention for repeated indices. 

We seek solutions of (6) in the form q,e“. Then w and q, are the eigenvalues 
and 3N-dimensional eigenvectors of the linear equations 


—w qa + 2iwkt KX q, + 2% X (2 X qa) + Uas-ds = O. (7) 
When 2 = 0, the usual theory of small oscillations® assures us that (7) has 3N 


solutions with angular frequencies w,; and displacements q,' which are orthonormal 


in the sense that 
°&, = Sy, (8) 


where d@ means the complex conjugate of a. 

When @ is small but not zero, (7) can be solved by a perturbation technique in Q. 
Define Ugs = 212 X 95q3, Was = 2 X (2 X G)dag where = xx + yy + 22. Then 
U3 and W,, are.3N-dimensional Hermitian operators in the sense that 0,37 = 


Use: Was’ = Waa. Equations (7) can be written in the form 

(Uags St EVas 7 nW as) "ds ss Ada (9) 
with A = w*, & = wf, 7 = 2. Now let wo, qa’ be a solution of (7) when 2 = 0. 
From the perturbation theory of 3N X 3N Hermitian matrices, there is a solution 
A(E, 0), da(E, 7) ¥ 0 of (9), depending analytically on £ and y for small € and n, and 
satisfying A(0, 0) = ao”, q.(0, 0) = q,". The function 

F(w, 2) = Aww 

is analytic in w and Q, and if w ~ 0 then F(w, 0) = 0 has the two simple roots 
*wo. Then® the two solutions w(Q2) of F(w, 2) = 0 depend analytically on Q for 
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small 2. But then q,(w®, 2?) is an analytic function of Q for small 2. Thus if 
w) ~ 0, then (7) has a solution w(Q), q,(Q2) depending analytically on Q for small Q 
and converging to wo, q, as 2 ~ 0. This fact justifies the use of a perturbation 
theory in integral powers of 2 to solve (7) whenever the frequency wo of the corre- 
sponding unperturbed (nonrotating) characteristic oscillation differs from zero. 

In case w = 0, the equation F(w, 0) = 0 has the double root w = 0, and the solu- 
tion’ w(2) of F(w, 2) = 0 may be a power series in 2'/*. We do not treat this case 
in the present paper. 

Having justified its use, we proceed to apply perturbation theory to the solution 
of (7). We expand w and q, in powers of 2/wo, where wo is the frequency of the un- 
perturbed mode under consideration. Thus, 


2 Q\2 
qa = a. ete da ( ) fh Be ( ) + ae 
Wo Wo 


Instead of normalizing q,, we demand that 
q.*-4.° = |, 
Substituting (10) in (7) and equating powers of 2/ 


[Jbas — Wo *U03]°de° (); (11) 


[$5.3 — wo" Uag]*Ga’ = —20iGa’ + 212 X q."; (12) 


[J5ag — wo *Ugg]-Gg? = —201g4' + 212 KX qa’ + (a1? — 202)q,"° + 
o1[—201q,° + 272 X q.°] + 2 X (2 X q,"); (13) 


we have not carried the theory beyond the second order. 

For the fixed w) under consideration, let q,°',2 = 1, ..., m, constitute a com- 
plete set of solutions of (11); and let these q,°’ be orthonormal in the sense of 
(8). Then (12) has a solution q,' if and only if® 


qa’: [—20:q,.° + 212 X q,°] = 0 (14) 
., m. Equation (14) can be rewritten 


oa; = [—72-q," X q.” Ja,, (15) 
where q.’ = aq,” (16) 


and G,a, = 1. 

From equations (15) and (16), it is clear that if the unperturbed frequency wy was 
non-degenerate (nm; = 1) then o; = 0, so the rotation produces no first order shift 
in the characteristic frequency. 

If w) was degenerate, n; > 1, then (15) isan nm X n eigenvalue problem whose 1 
eigenvalues o; and nm eigenvectors (a), ..., @,,) have the following interpretation: 


( 
the eigenfunction aq,°! + qq’ ( ) + ... of (7) has eigenvalue w = wy) + 02 + 
) 


a 





Vou. 47, 1961 GEOPHYSICS: BACKUS AND GILBERT 365 


If all m eigenvalues of o; are different, the n,-fold degeneracy of wo is re- 
moved in first order. 
To find q,', pick a particular eigenvalue o; of (15) and let (a, , ay, *™), 
K | , ny < nm, bea complete orthonormal basis for the n-dimensional space 
of n-dimensional eigenvectors (a), ..., @,,) of (15) belonging to the chosen eigen- 


K L 


value o;. Here, orthonormality means a;‘*?a; dx, If the degeneracy of wo 


was completely removed in first order, then nz 1. In the general case, let 


qn" = aq," When q.’\*’ is substituted for q,° on the right of (12), there is® 


exectly one vector q'*) which solves (12) and also satisfies q."*: a4! - (fori = 1, 


, ny. Define 


sO that Sas°As . ° 
Then, q.’ A xo" A xa;'*q,° aQa’ (17) 


and i $.8°Ge° + 64,” (18) 


where the constants A, and b; can only be determined by appeal to the second-order 
equations (15). 

Equations (13) have a solution q,? if and only if* q,"-p, = 0 for? = 1, , nN, 
p, being the term on the right of the equality sign in (13). Substituting (17) and 
(18) in the expression for p,, this solubility criterion becomes 


2[016;; + 72-qa” XK qa” |b 
—_ 201ga” *$a3°Ge' = 212 da aie. jaa 
(2 X qa”): (2 KX qa”) jajAg. (19) 


Equations (19) can be solved for 6, if and only if* a;e, Qfor K = I, , Na, Ci. 
being the right hand side of (19). Written in detail, this solubility condition is 


(o12 — 2o)Aq = aj*) {2o1qq"-Sag°Qe + 22-Qa" X Sag-4s% + 
(2X qa”) (2 X qa”)}a;Az. (20) 


Equation (20) is an nm by n. eigenvalue problem for the eigenvalue o,? — 202 and 
the eigenvector Ax. Its solution removes the degeneracy of wy to second order. 
Once o is chosen to be an eigenvalue of (20), equations (19) can be solved for 6,. 
Then q,’ and q,! are obtained from (17) and (18), and q,” from (13). 

In case all the degeneracy was removed in first order, m2 = 1, and equation (20) 


becomes simply an expression for a2: 
202 201de°*Sag°Gs° + 272°qa’ XK Sag:Gg’ + (2 XK qa°)-(2 X qe’), (21) 


where a ada and the a; are the solution of (15) corresponding to o;, and nor- 
malized by d@,a; 1. 

The results of the first- and second-order perturbation theories obtained above 
can be summarized quite simply in terms of the actual displacements s, in case the 
degeneracy of wo is completely removed in first order. Dropping the Einstein sum- 
mation convention, we have 
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s,° _ >. as", 


i= 1 


0,0; = >» [—72- 
1 


N 4 
>, mas.” XB, lay, 
l 


J = a 


n2 
Kap = Ma !*mg— Bg = Dae .%™, 
K =1 


where gs! is that solution of 


N 
[mm gbagF — wo VV gU]-8 3") = —2ovmSa’ + 212 X 8,°Ma 
8 l 

. 
for which )> m,&)-s,% =0 if? =,...,m. 


MSq°*[o1Kag — 212 XK Hag]: mgSg° + 
N 
MAS XK 6,")-42 Ge). (20) 
=] 

We have now calculated, correct to second order in Q, all normal-mode solutions 
of (6) which have nonzero frequencies wy in the non-rotating system. If all the fre- 
quencies w) are real and larger than Q , it is known that every solution of (6) is 
superposition of these normal modes: 

6N 

g.()= >, Aw Me™. 

n 1 
It is also known’ that the exact eigenfrequencies w, are all real. The above ex- 
pression can be simplified if we are satisfied to have the amplitudes A,s,“" accurate 
to zeroth order in 2 and the angular frequencies w, accurate to first order in Q. If 
+w,° are the eigenfreqvencies of the non-rotating system, then w,° and —w,° have 
the same eigenfunctions q,”, so it is clear from (15) that the perturbed frequencies 
corresponding to w,,° and —,° are, to first order in Q, 


+ 


Wn 


Wn ss 5” ss F1ynS 
while the perturbed eigenfunctions are both }> ainQa°! = San correct to zeroth 
t 


order in 2. Thus, 


Oy 


nol ton nfl _ 
tiie” +se°0" "er, (27) 
where the s,,, are normal modes of the non-rotating system, and 
‘ 
»% Mea Sask Sayn = Opn: 


a=1 


Then the coefficients A, and B, are determined from the initial positions s,(0) 
and velocities s,(0) of the particles by means of the equations 
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N i : 
2A, = L Sa.n'[S(0) — — s(0)], 
a= 1 Wn 
| i . 
2B, = Do Sa.n'[s(0) + — 8(0)]. 
Ww 


a 1 n 


The preceding discussion of the general solution of (6) breaks down if there are 
frequencies wo of the non-rotating system which vanish. This problem can be 
overcome very simply when all these vanishing frequencies are due to symmetries 
in the potential energy function U. If there are continuous groups of displacements 
of the system of particles which leave U’ unchanged, parameters describing the 
elements of these groups can be introduced as generalized coordinates of the system. 


Their canonical momenta will then be constants of the motion, so these coordinates 
can be ignored.'® If the remaining characteristic frequencies of the non-rotating 
system are larger than |, then equation (27) describes any solution of (6) whose 


initial conditions do not excite the zero-frequency modes. In the case of the earth, 
there are six zero-frequency modes corresponding to the three components of total 
linear momentum and the three components of total angular momentum. There 
are also infinitely many zero-frequency modes of the non-rotating earth corre- 
sponding to rigid rotations of centered shells of core material about the earth’s 
center. All of these modes arise because of the invariance of the earth’s potential 
energy to the corresponding motions (rigid translation, rigid rotation, and rigid 
rotations of shells of core material), and none of them can be excited by an earth- 
quake. Furthermore, the remaining modes (the seismic modes) all have frequencies 
much larger than ©. Therefore, our perturbation theory for w) > 0 applies to all 
motions of the earth which can be excited by earthquakes. 

Application of the General Theory to the Elastic Gravitational Oscillations of the 
Earth—The normal modes of oscillation of the non-rotating earth are of two kinds, 
the spheroidal’ and the torsional‘ oscillations, respectively written ¢6,,”(r) exp 

m 


(tay,t) and %,"(r) exp (%w,,’0), with 


6," = T U,,(r)Y:*(6, 6) + rV,,(r) VY :7(6, >), (29) 


and tin” = —W,,(r)r X VY,"(0, >). (30) 


Here 6 is colatitude, ¢ is longitude, and Y ,"(6, @) is a normalized surface harmonic: 


21+ 1\3 /(l — m)!\3 
Y .7(6.4) = —e( ) ( P,™ (cos 6) e***”. (31) 
Ado (l +m)! 


All the 2/ + 1 spheroidal oscillations 6," with fixed angular order / and radial 
order n, and with m = —l ..., 1, have the same frequency w,,; and all the 2/ + 1 
torsional oscillations with fixed / and nandm = —l, ..., / have the same frequency 
Win’. 

The perturbation theory in diurnal rotation rate 2 can be applied to any oscilla- 
tion of the earth for which w,, > Q. Since the longest seismic oscillation of the 
earth appears to have a period of about. 100 minutes,' the theory is applicable to 
all these oscillations. The 2/ + 1-fold degeneracy of w,, is split by the first-order 
perturbation into 2/ + 1 modes of the form 
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1 
>, CubiM) 
3 l 


m 
with angular frequencies differing from w,, by o:2, where o; and (a_,, ..., @,) are 
an eigenvalue and corresponding eigenvector of the matrix eigenvalue problem 

l 
1am = + ¥ [—72 S, P(r) bin” x a. AV Jam, (32) 
ral 


m 


m 


p(r) being the density of the earth. The amplitudes 6,,” must be so normalized 


that 
f, p(n) bin” bi," dV _ Omimn’s 


If the 2 axis for the spherical harmonics (31) is taken to be the axis of rotation (the 
axis through the north geographic pole rather than through the epicenter), then the 
integrals in (32) can be evaluated simply as 


—i2- Sy p(r Gin x Bi,” dV — M6 mm’B in 


M in + 20 in 
where Bin 
Lin aa lil + 1)M in 


and Lin = So p(r) Un 2(r)r’dr, 
M.. = a o(r) V 2(r)r'dr, 
Qin = ty p(r) U(r) V in (1) r?dr. (36) 


Thus the matrix on the right in (32) is already diagonal, and its mth eigenvalue is 
mBin, m = —l, ..., l, the mth eigenvector having a,, = 1, a,- = 0 for m’ ¥ m. 
Thus, the normal modes (29) of the non-rotating earth are already the split normal 
modes of the rotating earth, at least to zeroth order in (Q/w,,), and the shifts in 
their angular frequencies are m@,,Q. 

The 2/ + 1 -fold degeneracy of w,,,’ and the torsional modes is split by the first- 
order perturbation into 2/ + 1 modes of the form 


l 


:¥ GnGin (2) 


m 


/ 


with angular frequencies differing from @,,’ by Qo,’ where o;’ and (a_;, ..., a)) are 
an eigenvalue and eigenvector of (32), with 6 replaced by ¢ in (32) and (33), and 
a; replaced by o;’. Again taking the 2 axis of the spherical harmonies (31) to be 


the axis of rotation, one can easily show that 


—12- fi. plr)tin™ X tn" dV = M binm Bi’ (37) 


where 8 (38) 


Wl + 1) 
Consequently the toroidal modes (30) are, to zeroth order in Q/w,,’, already normal 
modes of the rotating system, with angular frequencies shifted from w,,’ by amounts 
mB ,’Q which are independent of the radial order n. 
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In the case of spheroidal oscillations we have evaluated the parameter 8), for 
l=2,n | and for! = 3,7 1. The earth model used in the calculations has a 
modified Lehmann seismic velocity distribution and a Bullard IV density distribu- 


tion. The results are these: 


L= 2:  w, = 0.0019432 see-!, Bo = 0.3984; 


l 3: Wa 3 0.0029457 see~', B31 0.1845. 


The calculated periods of the split lines in minutes are given in table 1; Q has been 
taken as 0.72722 K 1074 sec™!. 
TABLE 1 


CALCULATED PERIODS IN MINUTES OF THE ROTATIONALLY SPLIT SEISMIC 


SPHEROIDAL OSCILLATIONS OF THE EARTH WITH / 2,7 AND | 3n = 1 


In the absence of rotation, the motion for a given / and n can be written as 
Si. LP (cos 6 cos A + sin @ sin 4 cos (@ — go)) SiN wot (39) 


where 0, @ are the receiver coordinates, 4, do) are the source coordinates, and £ is a 
vector operator that depends on the type of source. Using the addition theorem 
for Legendre polynomials, we can write (39) as 


l ! 
— (1 —m)! 
Sin £ Im > ; Fr (cos 6) P,” (cos 6) e'™" 
+ m)! 


o 


m 


In the presence of rotation, 


+ mp2, —-lim sl; 


' 
then (40) becomes 


a (1 — m)! Fat 4 t 4 3004 
Lim YS ; P,"(eos 0) P" (cos Oo) Er ee ” a (41) 
—_, (+ m)! 


m 


and, again using the addition theorem, we find that (41) can be written as 


« 


S;, LP (cos 6 cos 0) + sin @ sin 4 cos (@ — do + BLA)) sin wol. (42) 


Equation (42) represents the first term in a perturbation series in Q/@ describing 
the motion. Irom equation (42), we see that the geographical amplitude pattern 
for a given /, which is stationary on a nonrotating earth, maintains its form on a 


rotating earth but rotates westward relative to the earth at the rate BQ. For each 
pair of m values in (41), we have two travelling waves. One travels eastward at a 
retarded rate and one travels westward at an advanced rate. Superposition of the 
two yields a standing wave pattern that travels slowly westward. The rate of 
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westward drift is different for each value of /, and the same for all n in torsional 
oscillations, but different for different n in spheroidal oscillations. The drift rate 
approaches zero uniformly in n as / approaches infinity. 

The shape of a geographical amplitude pattern is determined by the type of 
source and receiver. We have computed the relative strengths of the split spheroi- 
dal oscillations at / = 2,n = 1 and! = 3, n = 1 for two types of receivers and 
three types of simple sources. The two types of receivers are a vertical motion 
seismograph or gravimeter and a horizontal strain meter oriented N 32° W. The 
three types of point sources are a vertical impulsive force, a horizontal impulsive 
force pointing south, and an impulsive couple obtained by differentiating the south 
force solution in the east direction. The receiving station is taken to be Los An- 
geles and the source is in Chile. The coordinates are 6 = 56°, @ = —118° and 
6) = 128°, d) = —73.5°. The maximum amplitude in each case is normalized to 
unity. The results are given in Table 2. The columns in Table 2 are labeled as 
follows: the column J, | m | gives the values of these two numbers to which the am- 
plitudes in the given row refer (n is 1 throughout the table). The column VFVM 
gives the amplitude of the vertical movement. produced by a vertical force source; 
VFS gives the strain amplitude produced by a vertical force source; SFVM gives 
the vertical movement, and SES the strain produced by a sourth force source; 
CVM and CS give the vertical movement and strain produced by a couple. 


TABLE 2 


CALCULATED AMPLITUDES OF THE SPLIT SPHEROIDAL OSCILLATIONS 
> 


2,7 1 AND l 3, 2 = | FOR SIMPLE SOURCES 
] i VFVM VFS SFVM SFS CVM Cs 
) 0.003146 0.04574 0.09002 0.8483 0 
2 1.0000 1.0000 0.6727 0.4329 0.3364 2164 
2 2 0.4745 0.7371 1.0000 1.0000 1.0000 0000 
:. 0.2479 0.8327 0.7413 1.0000 0 
3, 0.2243 0.9871 1.0000 0.7458 0.7016 7423 
o 


1.0000 1.0000 0.2718 0. 1090 0.3814 2170 
0.3163 0.3355 O827 0.3349 1.0000 0000 


) 
>< 
> 
> 


Comparison of the Theory with the Observed Records.—Near our theoretical periods 
of spheroidal oscillation’ ? for | = 2,n = 1 andl = 3, n = 1 the Chilean earth- 
quake excited earth oscillations with the following periods: 


l=2 


gravimeter "= §2.80 and 54.98 min 
strain meter "= 53.1 and 54.7 mun. 


gravimeter T = 35.24 and 35 
9 
») 


).87 min 
5.9 min. 


strain meter T = 35.2 and 


These are to be compared with the theoretical periods in Table 1. In the absence of 
rotation one of us!! predicts JT, = 53.89 min and T; = 35.55 min. If we assume 
that our earth model is correct, the computed values of 8 can be compared with the 
observed positions of the split lines to identify m for the various components. 
On this basis, we conclude that the most heavily excited lines in the observed records 
forl = 3,n = larem = +2. The most heavily excited lines for! = 2, n = 1 in 
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the strain meter record! are m = +1. The “corresponding” gravimeter lines? 
differ from the strain meter lines by about 18 sec for] = 2,n = 1. This difference 
is near the limit of resolution of the gravimeter record for periods close to one 
hour, since that record was 110 hr long with a sampling interval of one minute. 
The observation that for / = 2 the strain meter results agree better with theory 
than do the gravimeter results is quite possibly due to the fact that the strain 
meter record is about 2.5 times as long as the gravimeter record. 

Conclusions.—In view of the limited resolution of such long periods in records of 
finite length, we feel that the agreement between the observed and predicted periods 
of the spheroidal spectral lines is very good. The failure of the records!? to show 
splitting of the torsional lines is probably due not only to the limited resolution of 
the records but also to the natural broadening of the lines by dissipation, which, for 
a Q of 200, should make the half-width of the 1 = 2, n 1 torsional lines about 25 
seconds, whereas the calculated separation of adjacent split lines is about 14.2 sec- 
onds. 

It should be emphasized that the apparent width of a line, as measured on the 
spectrum of a record, cannot be taken as a measure of the Q of that line if the line 
contains unresolved, rotationally split components. In fact, since the amplitudes 
of the various components in the record will depend on the location of the recorder, 
so will the apparent Q of the mode. The true Q can be measured from the apparent 
line width only by taking observations at the north or south geographic pole, where 
the local amplitudes of all split components except m = 0 are necessariuy zero to the 
first order. 

It remains to explain the observed amplitudes of excitation of the split lines. 
From the results presented in Table 2, it appears that the lines m = +1 should 
dominate the quintuplet / = 2, n = 1, and the lines m +2 should dominate the 
septuplet 1 = 3, n = 1, in case the source can be approximated by a vertical force. 
This observation is in qualitative agreement with the records!” and also with the 
results of Aki on the Chilean aftershock sequence.'* However, a vertical force 
source does not fit the data really well. It has been suggested! that a traveling 
source with a vertical force radiation pattern gives a better fit. 

Finally, we remark that our identification of m values of the lines depends on the 
validity of our earth model. An empirical identification of m could be obtained by 


comparison of records taken simultaneously at stations widely separated in longi- 


tude. 
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EQUATION OF RADIATIVE TRANSFER IN A PLANETARY SPHERICAL 
ATMOSPHERE* 


By JACQUELINE LENOBLET AND ZDENEK SEKERA 
DEPARTMENT OF METEOROLOGY, UNIVERSITY OF CALIFORNIA, LOS ANGELES 
Communicated by S. Chandrasekhar, January 24, 1961 


Until now, the intensity and polarization of daylight sky has been theoretically 
computed with the assumption of horizontal stratification of an atmosphere bounded 
by horizontal infinite planes (top and bottom) and containing only isotropic and 
nonabsorbing molecules. For such a case, the equation of radiative transfer in a 
plane-parallel atmosphere admits an exact solution, since the scattering is governed 
by a simple Rayleigh law. S$. Chandrasekhar! has derived the expressions for the 
intensity and polarization parameters of the radiation emerging from the top and 
from the bottom of the atmosphere with a full account of multiple scattering. 
These expressions can be evaluated numerically, and extensive tables of the in- 
tensity and polarization parameters have been published recently.* 

The theoretical values of the intensity and polarization, corresponding to the 
molecular earth atmosphere, were compared with the results of several measure- 
ments of skylight intensity and polarization and they represent a very good approxi- 
mation for a very clear atmosphere.* However, for low sun elevations and in the 
directions close to the horizon, systematic deviations can be found. These devi- 
ations are most probably due to the assumption of a plane-parallel atmosphere, 
which becomes unrealistic for low sun elevations or for directions close to the 
horizon. Even larger deviations can be expected in the radiation emerging from 
the top of the atmosphere toward outer space.‘ 

As the first step to a quantitative evaluation of the effect of the curvature of the 
atmosphere on the intensity and polarization of diffuse radiation emerging from the 
top and from the bottom of a planetary atmosphere, the equation of radiative 
transfer is derived for a spherical atmosphere illuminated by parallel radiation 
from a distant source, the sun. 

The diffuse radiation at a particular point P within the atmosphere, in the 
direction specified by the unit vector s, can be described by the set of four Stokes 
parameters. These parameters can be considered as elements of the matrix I(/’;s) ; 
in the most general case, these elements depend on the position of the point P and 
on the direction s. If k denotes the mass scattering coefficient and p denotes the 
density, the equation of radiative transfer can be written in the form: 


l 
(s-V)I(P: s) = KP) e(P)4 UP; s) + [ PP: se) 1(P: s da; 
TJ An 


| ' 
+ gP(P; S, S))-F exp i-f kpdsolf, (1) 
p 


where P(?P;s,s’) represents the normalized phase matrix specifying the perfect 
scattering in the direction s by the unit mass at /, illuminated from the direction s’. 
Furthermore, 7F denotes the flux of the radiation from the source, through a unit 
area normal to its direction, given by the unit vector So, outside the atmosphere. 


372 
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If the unit mass at point P exhibits a true absorption, equation (1) should be modi- 
fied in the known fashion: — the coefficient k would then define the total attenuation 
(scattering + absorption), while the last two terms on the right-hand side should be 
multiplied by the factor k“/k, where k‘ denotes the mass scattering coefficient. 
(In the spectral region with effective emission, an additional term has to be added 


to the right-hand side of equation (1).) It should also be noted that equation (1) 
refers to unit mass at point P within the illuminated part of the atmosphere. 
When point P is in the shadow region, the last term on the right-hand side of equa- 


tion (1) should be omitted. 








Orientation of axes and of other directions for the system 
of coordinate axes through the subsolar point. 


As in the case of a plane-parallel atmosphere ,the solution of equation (1) will be 
restricted to the homogeneous distribution of the density and of the optical proper- 
ties in the horizontal direction. Hence, it is assumed that the density and the 
optical parameters depend only upon the distance of point P from the center of the 
planet or upon its height above the surface. 

Since the axis through the subsolar point (the point with the sun in the local 
zenith) is the only axis of symmetry in this problem, it is evident that the most sim- 
ple form of the fundamental equation (1) is obtained when a system of spherical 
coordinates with the origin at the center of the planet and with the axis passing 
through the subsolar point is used (see Fig. 1). The azimuth angle can be counted 
from any arbitrary plane through this axis of symmetry. In this system, the 
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coordinates of point P are (R, Zo, Ao), and the coordinates of the direction s are the 
angles Z, A. It is convenient to introduce the height of the point P above the 
surface by writing R = a + h (a being the radius of the planet). 


If Cr, ©z,, Ca, are 
the orthogonal unit vectors at point P, 


vie eae ae a. 2) 
~ “oR OZy ““R sin Zy 0Ao t 


and 
s-A = [cos Z cos Z) + sin Z sin Zp cos (Ao — « 


I 


_ [cos Z sin Z) — sin Z cos Zp cos (Ao — « 
ath 


| amZ . 1) 3) 
_— Gn 4144 2 _ e 
a 4- h sin Zo ‘ OAy \ 


Although equation (1) in spherical coordinates with the axis through the subsolar 
5 | ) 5 
point has a simple form, in some cases, especially when the comparison with the 








Fic. 2.—Transformation of the system through the subsolar point to 


the system through local zenith. 
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equation of radiative transfer for a plane-parallel atmosphere is desired, it is prefer- 
able to introduce a system of spherical coordinates with the axis coinciding with the 
direction to the local zenith at the point P. In this new system, the origin is still 
at the center of the planet and the azimuth angle is counted from any arbitrary plane 
through the points O and P (see Fig. 2). In this system, the direction s is given by 
the zenith distance z and the azimuth a, and the direction from the sun Sp» is given 
by the values 2, ay. The position of point P is given by the height h and, indirectly, 
by the direction from the sun, since any variation of the position of P results in a 
change of the values z, a. Thus, the parameters h, 2, a can be considered as 
local coordinates which determine uniquely the position of point P. From the 
spherical triangle SoP?S in Figure 2, two independent relations can be derived among 
the five variables Z, Zo, (Ay — A), 2, (ao — a). With these two independent rela- 
tionships, and with z = mw — Zp», the transformation formulas for the transition 
from one system to the other can be easily derived. The coefficients of the deriva- 


tives in expression (3) then assume the form: 


cos Z cos Z) + sin Z sin Zp cos (Ap — A) = COS 2. 


—cos Z sin Zp + sin Z cos Zp cos(Ap — A) = sin z COS(ay — a) 


sin Z sin (Ap — A) sin z sin (ay — a) 


sin Zp sin z 


ehieucn = ae 
sao Oh] 2,Z,Ao7A S02 


and 


2 \ Oz 
=) = COS (ao ~ @), sin Z0 sin as — a), 
OZ0/7, Ao—A O( Ao — Lo 7 


[O(a — @) . O(ay — a) 
" cot Zz sin (ay — —COS 2 
\ OZ; Z, Ao—A 1)/ 2, z 


+ sin 2 cot 2 cos (ay — a) (6) 


where the subscripts denote the variables held constant during differentiation, 
expression (3) can be easily computed for the new system. When the usual nota- 
tion wp = COS Z, po cos 2 is introduced, the equation of radiative transfer for a 
spherical, planetary atmosphere assumes the form: 


| { Oo l— 2 oO . (= wr =A"! O 
\ “+ + COS (ay ~~ @ 
k(h)p(h) UOh r+h Op ath OM 


be fe) | : 
+ - sin (a — @) -1o] (h, wo, Qo; pw, @) —I(h, wo, ao; pw, @) 
1 — bw° O( aw a) jf 


9 


| 22 t+) ; 
t | P(h: fb, a> p,a )-I(h, Mo, ; , 2 lu da 
O e 1 


to. 


> 


I 
3 pPth; M, @; Mo, &) -F(exp i- | k(h’) p(h’)dso }) (7) 
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The values of the matrix I, at the top of the atmosphere for » < 0 and at the bottom 
of the atmospbere for u« > 0, form the boundary conditions associated with equation 
(7). 

When the atmosphere is not illuminated by a distant external source, the last 
term on the right-hand side of equation (7) disappears, and the matrix I is inde- 
pent of the parameters wo and ao; therefore, the last two terms of the left-hand side 
of the equation (7) vanish. Equation (7) then reduces to the form given by 
Chandrasekhar for a scattering medium with spherical symmetry (ef. ref. [1], p. 23). 
The last term on the right-hand side of equation (7) also disappears if the point is 
situated in the shadow region. In that case, however, the matrix still depends on 
the parameters po, a. 

Greater simplification can be achieved for the case of an atmosphere with molec- 
ular scattering only. The mass scattering coefficient can then be computed from 
the known composition of the atmosphere.’ This coefficient / assumes a constant 
value if the composition of the atmosphere does not vary with height. In such a 
case, the integral in the attenuation factor of the solar flux reduces to km(h, uo), 
where the air mass, 


mh, wo) = f p(h’) see 2(h’)dh’, (8) 
h 
can be computed. If in addition, the atmosphere can be approximated by an iso- 


thermal atmosphere with a mean scale height H, the air mass in equation (8) can be 
expressed in terms of the Chapman function® in the form: 


ath 
h, 0) = h, 1) Cl . a (9 
mh, uw m(h ( H ws) ) 


where m(h, 1) = } p(h’)dh’ = Hoth). 
Jh 


If the normal optical thickness 7 is introduced by 
dr —kp(h)dh, or +r = km(h, 1), 
the equation of radiative transfer (7) can be written in the form: 
Ol H j a 


- - i ep a eee ee 
Y Or (a+ h)r 2 Ou ss . 


ol ‘ Mo : ol | 1 ) 
‘OS (ayo — ) SIn (a@ — ) i = << » Mo, Qo; . 
co ¥ a a rad a 1 (a a Sas _ ( T, Mo, & MM, @ 


] e 2a 7+] : ? P 
+ P(u, a; pw’, a’)-I(7, wo, ao; pw’, a’ )dp'da’ 
TJO0 e l 


| } 
+ , Plu, Q; pM, a) Fexp| - ron(“ . w)| (11) 


The form of this equation allows a qualitative estimate of the effect of the curvature 
of the planetary atmosphere, which is represented by the second term on the left- 
hand side of equation (11). As a consequence of the factor 1/7 on the left-hand 
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side of the equation, the effect of curvature is larger for smaller optical thickness as, 
for example, in the upper atmospheric layers. This can be easily understood, since 
the change of air density due to the curvature of the atmosphere becomes more 
pronounced for large path lengths of the ray and thus effects the radiational field 
more for smaller optical thicknesses with smaller attenuation along the ray path. 
The effect of curvature is also greater for large zenith angles of the direction of 
observation or of the sun’s illumination (u—>0, uO) and disappears for « = 1 and 
uo = 1, since in the latter case, for the symmetry reasons, O1/0(a) — a)—~>0. The 
effect of the curvature depends on the parameter H / (a + h) and for vanishing values 
of this parameter, the equation of radiative transfer (11) reduces to the familiar 
form for a plane-parallel atmosphere, as expected. This circumstance suggests 
the possible solution of equation (11) by a perturbation method. For a shallow 
atmosphere, as is the case for the earth’s atmosphere, the parameter H/(u + h) varies 
negligibly with height and thus can be replaced by a constant (mean) value. Equa- 
tion (11) can then be solved by an iteration process based on the development of 


the solution in the form: 
\ 


H n 

I(r, uo, ao; pw, a) ) ( I’ (7, 0, @o; pw, a), (12) 

ar h 
n=O 

in which I® represents the solution for a plane-parallel atmosphere. This pro- 

cedure is substantiated by the possibility of the development of the Chapman 


H 


ath 


functions in asymptotic expansion in powers oi( ) lor example, for mod- 


erate values of uo, such development assumes the known form: ® 


ee ) l ( H 1 — pu’ 
Ch » Mo | — 
H ko a+h bo~ 


leading to the following expression for the attenuation factor: 


’ Cl at+h id F Hz 1 — wo? 
exp =F 1 H » Mo ¢ ) — ro pat i 


When equations (12) and (13) are substituted in equation (11), a recurrent system 


of equations for the higher approximation I can be easily derived. This method 
is being currently used for the solution of equation (11) for the case of Rayleigh 

scattering, and a detailed description of this method is reserved for a separate paper. 
at+h ; oe 

For small elevations, such that « = uo| < 1, the Chapman function’ can be 


H 


developed into a converging series in ¢ of the form: 


Ch (ee ) mr(at+h) [ 4 H (; 1 } | H 
1 » Mo = ; 1a js = a 
";~ @ 2(a+h) \47 *~ 2(a+h) ‘ 


Hence, a similar procedure with a slight modification can be used for solving equa- 
tion (11) for twilight illumination. A detailed discussion of the solution for such 
conditions will be presented in a later publication. 

Summary.—The equation of radiative transfer has been derived for a planetary 
atmosphere, the density of which varies only with the distance from the center of 
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the planet. This atmosphere is assumed to be illuminated by a parallel radiation 


from a distant source. The general form of this equation in the spherical coordinate 
system with the axis in the direction toward the source is transformed to the form 
in which the zenith distances of the directions from the source and toward the point 
of observation, as well as the azimuth difference between the vertical planes con- 
taining these two directions, appear as independent variables. [For very large 
values of the radius of the planet, this form approaches the form of a plane-parallel 
atmosphere. If the terms containing the parameters related to the position of the 
source are omitted, the equation reduces to that derived by Chandrasekhar for a 
medium with spherical symmetry. An approximate method of solving this equva- 
tion is indicated when the radius of the planet is large compared to the geometrical 
thickness of the atmosphere. 

* This study was performed as a part of investigations under the grant from the National 
Science Foundation (No. NSF G-6543). 

+ Present affiliation: Maitre de Conférences, Faculté des Sciences, Université de Lille, France. 
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TRANSFORMATION STUDIES ON THE LINKAGE OF MARKERS 
IN THE TRYPTOPHAN PATHWAY IN BACILLUS SUBTILIS* 
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SCHOOL OF MEDICINE, CLEVELAND, OHIO 


Communicated by David M. Bonner, January 12, 1961 


Studies of linkage relationships in transformable organisms have established that 
a single transforming particle may carry information affecting a pair of genes.!: ? 
In one instance, that of transformation of nonencapsulated mutants of pneumo- 
coccus type III to capsular type I,* there was demonstrated simultaneous transfer 
of genetic material involving at least three loci which control an entire biosynthetic 
pathway. Quantitative estimates of recombination between different mutational 
sites within single enzyme loci have also been reported.‘ ® 

With the demonstration of transformation in Bacillus subtilis,® it seemed hopeful 
that a more extensive use could be made of transformation in linkage studies. 
Nutritional markers and biosynthetic pathways of the kind studied in Escherichia 
coli and other microorganisms can readily be investigated in B. subtilis. In addi- 
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tion to providing information about the arrangement of genetic loci in this organism, 
such studies may contribute to our understanding of the transformation process 
itself. This paper reports some data concerning the genetic control of the enzymes 
of tryptophan biosynthesis in B. subtilis. 

Most of the mutants used in this study are marked by the requirement for 
tryptophan or one of its precursors for growth. The following pathway of trypto- 


phan synthesis has been determined in Neurospora crassa’: * and Escherichia coli.* 
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The enzyme effecting the final step, tryptophan synthetase, may be affected by 
mutation in any of three ways,’ '! resulting in strains which grow on indole or 
tryptophan and accumulate indole glycerol (2), grow only on tryptophan and 
accumulate indole (la), or grow only on tryptophan and accumulate indole glycerol 
(1b). One mutant used in the present study conforms to class 1b. Mutants in 
class 3a grow on indole or tryptophan and accumulate 1-(0-carboxyphenylamino)-1- 
deoxyribulose, a blue-fluorescent compound which is the dephosphorylated form 
of an Amadori-rearranged anthranilic acid ribotide.'2. Mutants of class 3b have 
the same growth requirements as those of class 3a but accumulate anthranilic acid 
instead of the Amadori compound." Mutants of class 4 can grow on anthranilic 
acid, indole, or tryptophan. In £. coli, step 3a appears to be catalyzed by a single 
enzyme, indole-glycerol phosphate synthetase.'* There is probably only a single 
enzyme involved in step 3b in E£. coli,’ but certainly anthranilic acid production, 
step 4, is under the control of several enzymes, and doubtless several enzymatic 
defects might result in mutants of this type. In the present study with B. subtilis 
mutants, in addition to the tryptophan synthetaseless strain already described, one 
strain blocked at step 3a, two at step 3b, and one at step 4 were employed. 

It has been shown in Salmonella typhimurium" and in E. coli that loci con- 
trolling the enzymes involved in tryptophan biosynthesis are clustered on the bac- 
terial chromosome and arrayed in the order 4, 3, tryptophan synthetase (1 and 2). 
The relative position of the subclasses a and b within nutritional class 3 has not been 
ascertained. 

Materials and Methods—Strains. The nine B. subtilis mutants (tryptophan and histidine 
auxotrophs) used in these studies are listed and characterized in Table 1. 
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TABLE 1 
AuxotTropHs Usep In TuHIs Stupy 
Designation 


of mutant Enzyme Growth F 
Strain type block response Accumulation Reversion 


T3 T- Tryptophan synthetase Tryptophan Indole glycerol + 
168 I—(3a) Indole glycerol phos- Indole or Amadori 4 
phate synthetase tryptophan compound 
168PT ‘Partial transformant’? Minimalmedium Amadori + 
of 168 (small compound 
colonies) * 
Tl Anthranilic deoxy- Indole or Anthranilic 
ribulotide synthetase tryptophan acid 
T1l Anthranilic deoxyribu- Indole or trypto- Anthranilic 
lotide synthetase phan acid 
T8 A- Blocked in anthranilic Anthranilic acid 
acid synthesis or indole or 
tryptophan 
168-T3 I—T- Tryptophan synthetase Tryptophan Amadori 
and InGP synthetase compound 
168-H25 I—-H—- InGP synthetase and L-histidine and Amadori 
unknown enzyme of indole or compound 
the histidine pathway tryptophan 
H25 H—- Unknown enzyme of the —_ L-histidine 
histidine pathway 


* Stimulated to wild type growth rate by indole or tryptophan. 


Strain 168 is the indole-requiring mutant obtained by Burkholder and Giles’ and found by 
Spizizen® to be the most highly transformable of the B. subtilis strains tested. All the other 


strains were derived from strain 168 either by mutagenic treatment or by introduction of the 
mutant character through transformation. 

168-H25 (originally called SB25) a doubly marked mutant with linked markers was kindly 
supplied by Dr. E. Nester (Department of Genetics, Stanford University) who obtained it by 
UV-irradiation of 168 and observed the linkage of the histidine and indole markers." 

T8 was obtained by Dr. J. Spizizen in this laboratory from a wild type transformant of 168 by 
UV-irradiation. 

T1 was isolated by us in collaboration with Dr. E. Freese (Department of Genetics, University 
of Wisconsin) after in vitro treatment of wild type DNA by nitrous acid and subsequent intro- 
duction of the DNA into strain H25. A solution of highly purified wild type DNA 
was mixed with a solution of NaNOsz (final concentration 0.25 M) and acetate buffer pH 4.5 
(final concentration 0.25 M). The treatment proceeded for 90 minutes at 25°C. The mixture 
was then diluted fivefold with 1.0 M phosphate buffer, pH 8.5, and transforming activity was 
tested. This treatment reduced the activity for the histidine marker by 99 per cent as compared 
to the control without nitrous acid. Selection for histidine prototrophs on tryptophan-containing 
medium followed by replication on a medium deprived of this amino acid provided a rapid method 
for the isolation of tryptophan auxotrophs linked to H25. 

The remaining strains were obtained by transformation. H25 is an I+ transformant derived 
from 168-H25 by wild type DNA. 168PT is a partial prototroph obtained through transforma- 
tion of 168 by wild type DNA. It grows more slowly than wild type B. subtilis in minimal medium 
and accumulates large amounts of the blue fluorescent Amadori compound. Its growth rate be- 
comes normal and accumulation is repressed in the presence of tryptophan or indole. No re- 
combination has ever been observed between 168PT and its parent strain 168. 

In the case of T3 and T11 the original strains (160 Burkholder and Giles and SB11 Nester, respec- 
tively) were poorly transformable; the mutant character was therefore introduced into 168. 
This was achieved for strain T3 in the following way: 160 DNA was introduced into 168-H3 
(the histidine marker in this strain is not linked to indole). We selected for H+ transformants 
on tryptophan-containing medium and replicated on a medium containing indole. The colonies 
missing on the indole plates were double transformants T — H+. In this experiment the high 
frequency of double transformants for unlinked markers observed with high DNA concentra- 
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tions'* proved helpful for the isolation of auxotrophic transformants otherwise difficult to select. 
T11 was obtained in a transformation experiment using SB11 DNA and H25 as recipient; selection 
on tryptophan-containing medium followed by replication on minimal medium permitted the 
identification of I—H+ colonies. The double mutant 168-T3 was obtained in a similar manner 
during a three-point experiment: donor T3, recipient 168-H25. One of the progeny classes 
grows on minimal medium supplied with tryptophan, but not indole, and accumulates the Amadori 
compound. These organisms proved to be 1—T—H-+. 

The auxotrophs obtained by transformation have the same growth requirements and accumu- 
late the same products as the original strains from which they were derived. They show the same 
percentage of recombination as the original strains when used in 2-point and 3-point experiments. 
Since their “background” (the rest of the genome and the cytoplasm) is that of strain 168, these 
mutants display the high transformability of 168. The reversion rates of all the strains are low 
enough not to interfere with the recombination results. The reversion rate, for instance, of 168 
grown for 16 hours in minimal medium supplied with casein hydrolysate (0.059%) and tryptophan 
(20 ug/ml) was of the order of 1/2.2 * 10° cells. About 10 per cent of the revertants in this 
case were of the 168PT type with varying colony size and amounts of fluorescent accumulation 
product 

DNA preparations: DNA was isolated according to a procedure previously described.'* For 
most of the data presented in the tables, purified DNA preparations were employed. In the 


earlier experiments, we sometimes used crude lysates obtained by allowing lysozyme action to 


proceed to complete lysis of the organisms, diluting tenfold with 2 M NaCl and filtering through 
Selas porcelain filters. The recombination values were never found to be significantly different 
with different DNA preparations from the same donor strain. Crude lysates, aleohol precipi- 
tated material or extensively deproteinized and ribonuclease-treated preparations gave similar 
percentages of recombination. 

Transformation procedure: ‘Transformation experiments were carried out following a protocol 
already described in detail.!* The DNA concentration in all experiments was 0.05 ug/ml or 
lower. In any case, it was at least 10 times lower than the saturation level. This condition was 
adopted in order to avoid the appearance of any double transformants due to separate DNA pieces. 
It has been found in this laboratory"® that in B. subtilis transformation the frequency of double 
transformants for all unlinked markers studied becomes quite high (about 20% of the singles) 
when the DNA concentration approaches values corresponding to saturation. This phenome- 
non, of course, might lead to spurious linkage data 

In the experiments presented in the tables, the efficiency of transformation for single markers 
was of the order of 0.02-0.10°%. Control tubes (recipient cells without addition of DNA and 
donor DNA without recipient cells) accompanied every transformation experiment. 

Scoring of the transformants: Most classes of transformants were scored by growth on minimal 
agar supplemented with suitable additional nutrients. Two procedures have been used: (a) 
Selection. The cultures of the transformed organisms and the controls were plated both on 
selective and nonselective media. The minimal medium used® was supplemented with 200 ug/ml 
of an artificial mixture of amino acids approximating the composition of acid hydrolyzed casein 
but lacking histidine. 1-histidine and L-tryptophan (or one of the tryptophan precursors, indole 
or anthranilic acid) were added according to the markers scored. By comparing the number of 
colonies on both sets of plates (selective and nonselective), the ratio of recombinants to total 
transformants was calculated. (b) Replication. Plating was performed as above using condi- 
tions nonselective for one or more classes of transformants. The following day the plates were 
replicated on one or more selective media. After 16 hr of incubation, the replicated plates were 
compared with the originals and the ratios of the classes established as above. Results obtained 
by both these methods were in good agreement and therefore have been combined in the tables. 

Certain of the classes of recombinants in three-point experiments were distinguished by identi- 
fication of the substances accumulated. 

Accumulation studies: Each of the mutants of Table 1 was examined for accumulation products 
when grown 16 hr in minimal medium plus 0.05 per cent acid hydrolyzed casein and 0.5 pg L- 
tryptophin/ml. When recombinant classes were scored by accumulation, the same procedure 
was used after single colony isolation. Indoleglycerol was detected in whole culture fluids by the 
addition of FeC!; reagent.!! The distinction between anthranilic acid and the Amadori com- 
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pound was achieved by chromatography according to the method of Doy and Gibson.!?_ Fluores- 
cent substances” were extracted from the acidified culture supernatant into one-third volume of 
ethyl acetate prior to chromatography. 

Enzyme determinations: Tryptophan synthetase activity was determined by indole disap- 
pearance.'!: !2 Indole-glycerol phosphate synthetase was assayed by the method described by 
Gibson and Yanofsky.!* 

Results —Enzyme activities: We have been able to detect the activities of 
tryptophan synthetase and indoleglycerol phosphate synthetase in many of the B. 
subtilis strains studied, either in cell suspensions (for the former) or in cell-free ex- 
tracts (for both). These activities are in general considerably lower in this organ- 
ism than in F. coli; they are repressible by growth in excess tryptophan. More- 
over, the activity of these enzymes decreases in the stationary phase of growth, 


Fic. 1.—Transformants of strain 160 (tryptophan synthetase- 
less) by 168PT DNA. as seen under U.V. light. A, 168 PT 160 *+ 
phenotype. B, wild type phenotype. 


and the enzymes are unstable in extracts. Strain T3 does not show any trypto- 
phan synthetase activity, but possess the highest indoleglycerol phosphate syn- 
thetase activity of all the strains tested when grown in limiting amounts of trypto- 
phan. Strain 168 is devoid of indoleglycerol phosphate synthetase but shows quite 
high tryptophan synthetase activity when grown on a limiting concentration of 
tryptophan. The highest tryptophan synthetase activity was found in strain 
168PT, where repression of enzyme formation is presumably most effectively 


relieved. Wild type strains grown in minimal medium show activity for both 


enzymes. 
Preliminary linkage studies: The first intimation that genes affecting trypto- 

phan synthesis in B. subtilis might be linked arose from the finding?? that DNA 

from strain 160 (the original form of T3) and from a mutant of type 4 (A-) showed 
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TABLE 2 
Two-Pornt RECOMBINATION EXPERIMENTS 
Per cent 
Number of recombinants 
Donor* colonies wild type) 
168PT 7585 y 
Til 1541 
TS 76 
H25 290 
TS 245 
H25 $54 
H25 
H25 
168PT 
H25 
H25 T3 
H25 168 and 168PT 
H25 T1l 
H25 Tl 
H25 T8 546 45 
* DNA prepared by alcohol precipitation in most c¢ hough in a few experiments crude 
lysates were used. 
t+ About '/3 of the colonies were scored by replication, the remainder by ‘‘selection 
Methods, 


See 


poor efficiency of transformation of the 168 marker to prototrophy while exhibiting 
normal efficiency of transformation of an unrelated marker, sucrase production. 
Certain other experiments clearly demonstrating linkage within the trypto- 
phan region were done with strain 168PT, the “partial”? prototroph of 168. When 
DNA prepared from 168PT was used to transform strain 160 to prototrophy, the 
efficiency of transformation was equal to that in control experiment with wild type 
DNA. Two prototrophic types were distinguishable on the transformation plate, 
however, a small one which under ultraviolet light could be seen to have a blue 
fluorescent halo and a large one indistinguishable from wild type B. subtilis. The 


appearance of such a transformation plate under ultraviolet light is shown in Figure 


1. Of 197 transformant colonies observed in two experiments, 42 were normal 
prototrophs and the remainder were small-colonied, ‘‘partial’’ prototrophs like the 
donor parent, 168PT. 

A similar experiment was performed with DNA from strain 168, using strain 
160 as a recipient. Transformants appearing on a plate supplemented with indole 
were tested for their ability to grow on minimal medium. Of 45 colonies tested, 
only 13 were prototrophs; the remainder showed the 168 phenotype. 

Two-point transformations: Although experiments of the foregoing type yielded 
indisputable evidence of linkage and may reasonably be employed in the future in 
“linkage hunts,”” more detailed analysis of the tryptophan segment was sought in 
the series of two-point tests listed in Table 2. Fortunately, the availability of a 
histidine mutant which could be shown to be linked to all the tryptophan markers 
permitted one complete series of reciprocal tests. Transformations within the 
tryptophan region were accomplished in a manner analogous to the 168-160 trans- 
formation described above, using the more fastidious strain as recipient. When 
168 PT served as the donor strain, colony size and fluorescent halos were used to 
score the transformants as described above. All the experiments were performed 
more than once; the results of experiments done on different days with different 
lots of DNA were not found to vary significantly. Although not included in the 
table, some early experiments using strain 160 as recipient?’ and strain SB11 (fore- 
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runner of strain T11) as donor were in agreement with later experiments using 
these strains in the 168 “background” (T3 and T11). 

The linkage map constructed from the results in Table 2 is presented above the 
dashed line in Figure 2. The arrangement of mutational sites is that best com- 
patible with the data, though a considerable discrepancy in the recombinational 
values obtained in reciprocal experiments is apparent. lor example, any trans- 
formation with an H— donor and an A—, or T— recipient gave a higher recom- 
bination value than an experiment with the H— strain as recipient and the same 
tryptophan auxotroph as donor. The significance of this finding will be discussed 
later. Because of this failure of reciprocal experiments to conform to expectations, 
however, a set of transformations involving three markers was undertaken to 
establish unequivocally the sequence of the markers. 


168 PT 
168 


I 








+ 17.2 >| 


Fic. 2.—Map of the segment AITH. Recombination values taken from Tables 
1 and 4. 


Three-point transformations: The double mutant 168-H25 (I—H—) was used 
in the series of experiments shown in Table 3 to establish the order of markers 
AITH. Experiments 1 and 2 are reciprocal transformations involving the [—H— 
strain and T3. Three possible configurations were considered : 





Configuration I Configuration IT Configuration IT] 


In configuration I for experiment | the quadruple crossover class of recombinants, 
expected a priori to be the rarest, is I+T+H-+, in configuration II this class is 
I—T—H-4-, and in configuration III it is I¢T—H—. In the sample of 253 pro- 
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TABLE 3 
THREE-Poinrt RECOMBINATION EXPERIMENTS 
Number of 
colonies 
Experiment Recipient Donor tested Class Frequency 
l 168-H25 T3 253 I+T—H-4 103 
I—T+H-4 37 
I+T+H-+ 8 
I—T—H+ 10 
I+T+H- 95 
168-H25 2780 I—T+H-— 
I+T+H—- 
I—T+H+ 
I+T+H-+ 
168-H25 TS A-I+H-4+ 
A-—I+H-—- 92 26 
A—I-—H+-4 1 
A+I+H+ & 12 
A+I-H+4 ys 16 
A+I+H-—- 36 { 
T1l 168-H25 I+H+ 190 52 
I+H— 174 47 
168-H25 Til I+H-+ 182 18 
I+H- 785 81 
Tl 168-H25 2 I+H-4 51 45 
I+H—- 61 54 


Ie Oloe or 


Cr Ort WD tus 


geny tested in experiment 1, I+T+H-+ was indeed the rarest of the detectable 
types, but I—T—H-+ was also quite rare and I+T—H-— could not be recovered 
for technical reasons (it could not be selected from cells having the recipient pheno- 
type I—T+H-—). In the reciprocal transformation, experiment 2, merely chang- 
ing the sign of the markers indicates the quadruple crossover class, i.e., 1—T—H— 


for I, 1+T+H-— for II, and I—T+H-+ for III. In experiment 2, even though 


only four of the possible recombinant classes could be scored, configuration III 
seems ruled out by the fact that [—T+H-+ is the most common nonparental type. 
Configuration II is rendered unlikely by the fact that I1+T+H— is more than 
twice as common as 1+T+H-+, which would be only a double crossover type in 


this configuration. By elimination, as well as by the evidence of experiment 1, 
configuration I must be correct, and this agrees with the results of the two-point 
experiments described above. 

Experiment 3 was performed to establish the position of thy A-marker in relation 
toIT and H. In this case, six of the seven possible progeny types could be recovered 
and their frequency established by growth and accumulation tests. Analyzed in 
the same fashion as experiments | and 2, experiment 3 clearly favors the order 
AIH, since the expected quadruple crossover class here contains only 11 of 730 re- 
combinants. The quadruple class if A were between I and H contains 88 members, 
and that for A to the right of I and H has 192. The order AITH is confirmed, 
therefore, by the results of these experiments. 

Three additional experiments established the position of mutants Tl and T11, 
accumulators of anthranilic acid, relative to 168 and H25. Reciprocal trans- 
formations with strains T1l and 168-H25, experiments 4 and 5, were analyzed 
only so far as to identify the proportion of histidine prototrophs among the [+ 
transformants. In the configuration expected from the two point crosses, I-+H+ 
strains should be more rare with T1l as donor than as recipient. The results 
concur with this configuration. 
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Experiment 6, by an analogous argument, also positions Tl between 168 and H25. 

Additional experiments with double mutants: Notwithstanding that the order of 
mutational sites on this segment of the B. subtilis genome seemed established by 
the results of two- and three-point tests, the assignment of recombinational ‘dis- 
tances” to the intervals between mutant sites is very difficult. Chief among the 
difficulties is an inability to equate the results of reciprocal two-point transforma- 
tion experiments. Chi square tests show these deviations from equality in re- 
ciprocal experiments to be highly significant. Furthermore, a certain consistency 
can be observed in these deviations. When a marker to the right in a given pair 
serves as recipient, the frequency of recombinant types observed is always less than 
in a similar experiment with the marker to the left as recipient. A striking con- 
firmation of this tendency was observed in the result of one transformation shown 
in Table 4. When DNA from wild type B. subtilis was used to transform strain 


TABLE 4 
Two-Pornt RECOMBINATION EXPERIMENTS WITH DOUBLE MUTANTS 
Phenotype of Transformed Colonies 
das I-H+ - 


Number of —— ~ 
Recipient Donor colonies tested vo. A No. q No. v/, 


168-H25 Wild type 1485 967 64.9 144 9.7 377 25.4 
I+T+ I-T+ I+T-—* 


“No. % , No. / : No. % ‘ 
168-T3 Wild type 238 197 82.8 41 : - 


* This class cannot be scored in this experiment. 


168-H25, all three progeny types could be recovered. Both markers were simulta- 
neously transformed to prototrophy (I+H-+) about 65 per cent of the time. Of 
the two single transformant classes, however, the I+-H— class was more than twice 
as frequent as the I—-H+ type. The probability of such a deviation from equality 
being due to a sampling error is shown from the chi square test to be less than 0.005. 

When the double mutant 168-T3 was transformed with wild type DNA, only 
two progeny classes could be recovered. The results are shown in Table 4 and 
below the dashed line in Figure 2. 

Discussion.—Pathway and gene order: All the evidence obtained thus far by 
growth and accumulation tests and enzymatic assays is consistent with the hypothe- 
sis that B. subtilis utilizes the same pathway of tryptophan synthesis as EF. coli, 
S. typhimurium, and N. crassa. All the mutants of B. subtilis studied are blocked 
in single enzymes of this pathway, as far as can be determined. The analogy 
between B. subtilis and the enteric bacteria is even more striking because it extends 
to the order of the tryptophan genes on the chromosome. (In N. crassa, the genes 
affecting the tryptophan pathway are unlinked, as far as is known.) In this study, 
however, we have demonstrated the order of the genes controlling steps 3a and 3b 
is “inverted” from that expected from the proposed biosynthetic sequence. At 
present there is no information on the order of the corresponding loci in the enteric 
bacteria. Wherever clusters of genes affecting other pathways have been found, 
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however, the correspondence between genetic and biochemical sequence has been 
absolute.24 The present findings obviously call for an investigation of the position 
of the 3a and 36 loci in EF. coli and S. typhimurium. Moreover, they call for addi- 
tional enzymatic studies in B. subtilis, for it seems that either these two loci are 
out of sequence in this organism or the two biochemical steps in question are 
performed by a single enzyme, a situation different from that found in the Entero- 
bacteriaceae, !” 

The foregoing experiments demonstrate that a considerable amount of genetic 
information can be carried by one transforming particle. Overlooking the possi- 
bility mentioned above that two rather complex steps, 3a and 3b, are performed by 
a single enzyme, a plausible inferrence from the present experiments is that informa- 
tion for the synthesis of five separate enzymes, four concerned with tryptophan and 
one with histidine biosynthesis, may be transferred together. If the final enzyme 
of the tryptophan pathway in B. subtilis should consist of two proteins as it does 
in EF. coli, the number of proteins encodable by one transforming particle might 
be at least six. It therefore seems quite feasible to use transformation for a con- 


siderable amount of gene ordering in B. subtilis. 

Mechanism of recombination: It is tempting to carry over the analogy of the 
tryptophan genes in B. subtilis and the Enterobacteriaceae to an analogy of the 
processes of transformation and transduction which have been used to study them. 


In doing so, however, one runs the risk of ascribing to the two methods of recom- 
bination differences which are really due to the organisms involved. If, how- 
ever, we assume that in B. subtilis and EF. coli the structures being examined, the 
regions of the chromosome comprising the tryptophan genes, are of the same order 
of magnitude, two comments may be made. Firstly, recombination between 
nearby markers is somewhat more frequent during transformation than in transduc- 
tion experiments, thus “magnifying the map’”’ obtained by transformation; and 
secondly, the map obtained by transformation is subject to distortion because of 
the failure of reciprocal recombination values to agree. Among our data, the 
second peculiarity is obvious not only in the two-point experiments, but also in 
three-point tests. 

The first finding might be explained as a result of extremely high negative inter- 
ference, the increased probability of a second recombinational event in close proxi- 
mity to the first which has already been demonstrated in various microbial sys- 
tems.” 7° Unfortunately transformation experiments, even those employing 
multiple linked markers, do not afford a convenient measure of negative inter- 
ference since only progeny resulting from an even number of recombinational 
events can be recovered. Analysis of our three-point experiments does not show 
any excess of quadruple crossover progeny over that expected from the double 
crossover types, but this is noncontributory. 

As to the second peculiarity noted, several hypotheses have been examined and 
rejected: 

(1) The irregularities are due to poor incorporation of one marker, e.g., H25. 

(2) The irregularities are due to masking of one of the markers, e.g., H25, by 
something analogous to heterogenote formation. 

(3) The irregularities are due to the existence of “short pieces,” in this case 
transforming particles carrying only the “left”? markers. 
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Hypotheses 1 and 2 are rendered unlikely by the regularity of the discrepancies 
noted, extending to any two markers within the tryptophan region as well as 
H25. Note that in some experiments it is the wild type, in others the mutant form 
of the gene which predominates. Regarding hypothesis 2, heterogenotes, or 
segregating forms behaving like them, have occasionally been seen in our experi- 
ments. The few which have been examined are ‘‘resolved”’ to stable strains by the 
process of sporulation. Sporulation of the progeny and testing of heated spores 
did not affect the ratio of recombinants observed in one of our experiments. Hy- 
pothesis 3 seems unlikely because of the results of the three point experiments, 
where in each case the most frequent progeny class obtained was that where the 
whole donor segment entered the recipient’s genome. Considering the size of the 
donor segment, extending in one case the entire length of the map, transforming 
particles lacking certain markers must be infrequent. Moreover, if short pieces 
were present and were formed by transsection of longer transforming particles dur- 
ing storage or handling, one would expect to find wide variations in the linkage 
observed between markers from day to day and from preparation to preparation. 
These were not found. 

We are left with the observation that there is a certain polarity of the recombi- 
national event occurring within any interval examined. This may be illustrated 
diagrammatically in the case of the transformation of 168-H25 by wild type DNA 


as: 





where the likelihood of the solid “double crossover” is greater than the dashed one. 

A similar situation has been observed by Ozeki” in transduction experiments 
with S. typhimurium. He suggested that all the transducing segments had fixed 
ends and that the interval being examined lay near one end. To carry the analogy 
to our system, we might suggest that H lies near the right end of each transforming 
fragment and that there is a considerable distance between I and the left end. In 
the case of the transformation of a double mutant by wild type DNA diagrammed, 
for the marker H+ to be represented in the progeny a crossover must occur in the 
distance between H and the right end; for the solid crossover to be represented, it 
need only accompany a crossover in the long distance between the left end and I. 
Our results are not inconsistent with an interpretation of this sort. Another ex- 
planation seems possible, however, one which is not so dependent on rigid geometry. 
If replication of the bacterial chromosome always proceeds in one direction, e.g., 
left to right in our diagram, and copy-choice is the method of recombination, even 
if the switches represented by the solid and dashed lines between I and H in the 
diagram occur with equal frequency, some of those in the dashed class might be lost 


by a failure of the replicating mechanism to return to the endogenote. Though 


the loss of this class might be encouraged by the frequent proximity of H to the 
right end of the exogenote, a fixed terminus would not seem to be a requirement. 
The explanation offered by Ozeki for his results is supported by the fact that an 
independent line of evidence involving abortive transduction leads to the con- 
clusion that transducing fragments have specific ends. With the evidence at hand 
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in B. subtilis, it is not possible to accept either of the foregoing hypotheses outright 
or to reject the simplest hypothesis of all, that a switch back to the endogenote 
occurs more frequently in the intervals studied than a switch out to the exogenote. 
With the acquisition of more linked markers in this system, which should not be 
difficult with in vitro mutation experiments using nitrous acid, an experimental 
answer to this question might be attained. 

Conclusion.—The genes controlling the synthesis of tryptophan in B. subtilis 
are clustered; all those studied are linked to each other and to a histidine marker 
in transformation experiments. A reasonably satisfactory map can be con- 
structed from the data of two- and three-point recombination experiments. In this 
map, the tryptophan genes are arrayed in the order of the biochemical sequence, 
with one apparent exception, and the linked histidine marker lies outside the 
tryptophan cluster. 

Certain discrepancies in the recombinational values obtained in reciprocal ex- 
periments lead to the suggestion that the genes in question lie near one end of a 
transforming particle with fixed terminations. Alternative explanations are con- 


ceivable, however, and these are discussed. 


The authors wish to express their indebtedness to Dr. J. Spizizen, in whose laboratory these 
I I : 


experiments were performed. Without his advice and encouragement this study would not 


have been possible. 
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ASEXUAL TRANSMISSION OF CYTOPLASMIC MALE STERILITY* 
By J. R. Epwarpson AND M. K. CorBetr 


AGRONOMY AND PLANT PATHOLOGY DEPARTMENTS, AGRICULTURAL EXPERIMENT STATION, UNIVERSITY 
OF FLORIDA 


Communicated by Paul C. Mangelsdorf, January 26, 1961 


Failure to transmit cytoplasmic male sterility in plants by inoculation or by 
grafting has been reported in corn by Rhoades,! in tobacco by Sand,? and in petunia 
by Everett.* Frankel,‘ on the other hand, grafted cytoplasmic male sterile and 
fertile petunia plants and reported that “grafting induced changes in the fertile 
scion that resulted in the appearance of cytoplasmic sterility in its progeny.” 
l'rankel’s report was cited by Gloustshenko’ as an example of graft hybridization. 

Since asexual transmission of cytoplasmic male sterility has important implica- 
tions for the interpretation of genetics, plant breeding, and graft hybridization, and 
in view of the fact that Frankel’s® original material was discarded, we carried out 
experiments to test the effectiveness of grafting as an asexual method for trans- 
mitting cytoplasmic male sterility in petunias. This paper presents the details of 
these experiments, demonstrating transmission of a male sterility factor by grafting, 
and discusses the theoretical implications of the results in respect to a viral nature 


for cytoplasmic male sterility. 


Materials and Methods.—Lines of cytoplasmic male sterile petunia (P-266-58) and maintainer 
(fertile plants used to furnish pollen for the propagation of the pollen sterile line) petunia (P-5-58), 
obtained from W. Atlee Burpee Company, Lompoc, California, were reciprocally cleft-grafted. 
All plants utilized in these experiments were grown in screened greenhouses, which were peri- 
odically sprayed with insecticides to eliminate possible insect vectors. Plants approximately 
2 months old were grafted. Clothes pins were used to hold stock and scion firmly together until 
graft unions were established, and were removed 10-14 days after grafting. Flowers on stocks and 
scions were examined for male sterility in the graft generation. Flowers on fertile scions were 
self-pollinated, and flowers on male sterile scions were pollinated with maintainer pollen. Male 
sterile and partially sterile flowers of the second generation were crossed by maintainer pollen, and 
those flowers which were fertile were self-pollinated. Seeds derived from these pollinations 
produced plants two generations removed from grafting. 

Flowers were classified male sterile if no pollen was visible in their anthers. Flowers whose 
anthers contained a trace of pollen were classified partially sterile; those whose anthers contained 
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abundant pollen were classified fertile. To test the validity of visual classification, anthers from 
flowers of all classifications were used in attempting pollinations on emasculated maintainer 
material which was subsequently bagged. In order to test the effectiveness of emasculation and 
isolation from foreign pollen, ten flowers were emasculated and bagged and were not pollinated; 
none of these set seed. 

Pollen grains from sterile, partially sterile and fertile flowers were stained with KI (H.O, 100 
ml; KI, 1g; J, 1 g) and were examined microscopically to determine whether different types of 
pollen occurred consistently in the different classes of flowers. 

Each plant in 18 third-generation populations was examined three times a week. If the first 
ten flowers produced by a plant were fertile, the plant was classified fertile and was discarded. 
Plants producing partially sterile or completely sterile flowers were retained and were not classified 
until flower production ceased. 

Two-dimensional paper chromatography was used to determine whether consistent differences 
in free amino acids existed between male sterile and fertile anthers in control and third-generation 
sterile and fertile material. All comparisons were conducted on an anther to anther basis. Sol- 
vents used were butanol, acetic acid, water (4:1:5), and 2,6-lutidine, absolute ethanol, water 
(55:20:25) with 1 per cent diethylamine; ninhydrin, isatin, and dicyclohexamine were used as 
indicators. 
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“WAINTAINER- FERTILE PLANTS USED TO FURNISH POLLEN FOR PROPAGATION OF THE POLLEN STERILE LINE 
- TS WITH FERTILE FLOWERS IN COMBINATION WITH STERILE AND PARTIALLY STERILE FLOWERS 


ol 
CPARTIALLY STERILE FLOWERS- FLOWERS WHOSE ANTHERS CONTAIN VIABLE AND INVIABLE POLLEN 
4NUMBERS IN BRACKETS REFER TO INDIVIDUAL POPULATIONS WHICH ARE DESCRIBED IN DI 


Fic. 1.—-Pedigree diagram of asexual transmission of cytoplasmic male sterility in petunia 


Demonstration that Cytoplasmic Sterility Was Transmitted from Stock to Scion. 
Scions on all grafted plants survived and produced both flowers and seed. This 
generation constituted the first or grafted generation. Variations in fertility were 
not observed in the grafted generation. Seed were obtained from male sterile 
scions of grafts (male sterile scion—maintainer stock) by crossing with P-5-58 
maintainer pollen. Seed was obtained from the reciprocal graft (maintainer 
scion—male sterile stock) by selfing. Plants arising from seed produced by selfing 
and crossing in the first generation constituted the second generation (Fig. 1). 
Forty second-generation plants were obtained from crossing flowers on male sterile 
scions with maintainer pollen. All these plants were completely male sterile. 
Kighty-two plants were obtained from selfing first-generation maintainer scions 
(Fig. 1). This population contained 68 male fertile plants and 14 plants which 
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produce one or more male sterile or partially sterile flowers. None of these plants 
was completely male sterile. 

Second-generation flowers classified partially sterile were crossed by maintainer 
pollen. Eleven crosses of second-generation partially sterile 9 XX maintainer o 
produced third-generation populations. Each of these populations contained some 
male sterile and some partially sterile flowers (third-generation populations 1-11, 
Table 1). These 11 populations contained 793 plants; 10,513 flowers produced by 
these plants were classified: 9,395 fertile, 171 partially sterile, and 947 sterile. 
One second-generation plant that bore predominantly partially sterile flowers also 
produced some fertile flowers. Two of these fertile flowers were self-pollinated. 
The populations arising from these self-pollinations contained some male sterile and 
some partially sterile flowers (populations 12 and 13, Table 1). These two popula- 


TABLE 1 


FREQUENCY OF FERTILE, PARTIALLY STERILE AND STERILE FLOWERS IN THIRD-GENERATION 
PROGENIES OF GRAFTED PETUNIAS* 
Third 
Gener Number of Flowers Classified Percentages of Total Flowers 
ation Par -ar 
Popula tially Total Total tially 
tions Fertile sterile Sterile flowers plants Fertile sterile Sterile 
1,170 28 237 1,435 101 81.5 y 1.6 
1,081 IS 1,183 99 9] l 
1,102 22 ; 1,208 99 91 0 
l > 2 
| 


,855 2 2s 2,006 174 92. ! 

, 480 ¢ 26 1,790 110 82 

272 ; 294 23 92 

803 53 93 .¢ 

680 57 91 

482 43 90 

265 269 10 98 

358 ; 363 24 98 

9 ,395 10,513 793 

126 ‘ 140 

‘ 1,540 2,047 

Total 1,666 5 2,187 

14§ 12 12 

15 86 86 

16 1,949 2,200 

17 365 , : 398 

i8 101 2 404 

Total 2,813 60 3,100 
Grand 

Total 13,874 281 1,645 15,800 1,192 


* Derived from P-5-58 maintainer scion on P-266-58 male sterile stock. 
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t Derived from the following second-generation cross 


? P-5-58 maintainer scion 


Br X P-5-58 maintaine 
P-266-58 male sterile stock 


partially sterile 


t Derived from the following second-generation self-pollination 


fertile —° P-5-58 maintainer scion 
ertile = 
P-266-58 male sterile stock 


§ Derived from the following second-generation cross: 


2 P-5-58 maintainer scion ca 7 
male sterile ¢ ——— xX P-5-58 manitainer go 
P-266-58 male sterile stock 


tions contained 153 plants; 2,187 flowers produced by these plants were classified: 
1,666 fertile, 50 partially sterile, and 471 sterile. Third-generation populations 
were also produced by crossing second-generation completely male sterile flowers 
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with maintainer pollen. Five such populations were produced; two of these con- 
tained only fertile plants (populations 14 and 15, Table 1). The three remaining 
populations contained a few plants which produced some male sterile and some 
partially sterile flowers (populations 16-18, Table 1). These three populations 
contained 238 plants; 3,002 flowers produced by these plants were classified: 2,715 
fertile, 60 partially sterile, and 227 sterile. In the entire third-generation popula- 
tion, which contained 1,192 plants, only two plants produced exclusively male 
sterile flowers. 

Microscopic examination of the anthers from third-generation male sterile flowers 
showed that a trace of pollen was present in most anthers. Four classes of pollen 
were found: (1) small grains full of starch; (II) large grains containing traces of 
starch in discrete disks; (III) small grains devoid of protoplasm; and (IV) large 
grains staining yellow to orange (Table 2). Forty-five third-generation male 


TABLE 2 
PERCENTAGES OF POLLEN CLASSES IN CONTROL AND THIRD-GENERATION PETUNIAS 
Pollen Classifications Total 
Number of Inviable* ViableT Pollen 
Flower Classification Flowers III Total I\ Grains 
Control fertile 10 : Le 2.9 17.4 82.6 2,158 
3rd generation fertile 35 1 6 32.6 67.4 7,603 
3rd generation partially 
sterile 19 32.é t.3 79.7 20.3 3, 
3rd generation sterile 15 : 2 96.6 3.4 D, 
Control sterile 10 0 0 0 0 
19 ,030 


* Pollen in these 3 categories was classified inviable because pollinations utilizing 3rd generation sterile anthers 


*°'¢ Pollen in this category was classified viable because pollinations utilising fertile anthers produced full seed ast 
sterile flowers were examined; 21 contained no class IV pollen grains and five of 
these flowers contained no pollen. When frequencies of different types of pollen 
were compared by x? tests for independence, significant differences occurred be- 
tween any two classes of flowers. 

In order to determine whether viable pollen was present in all flowers, pollen 
from third-generation male sterile, partially sterile, and fertile flowers was applied 
to flowers which had been emasculated and bagged. Seeds were produced from 
crosses in which pollen was obtained from fertile flowers, the average number of seed 


per capsule being 176. Some seed were produced by a few crosses in which male 


sterile and partially sterile flowers were used as pollen sources. A seed set of less 
than one-half that produced by the fertile crosses was considered to indicate that 
the pollinator was partially sterile. In crosses involving 112 different male sterile 
flowers as pollinators, 98 produced no seed; 13 produced seed sets ranging from 3 to 
66 seeds. The 13 which produced seed were reclassified as partially sterile. One 
cross in which the male parent was classified as sterile produced 107 seed. This 
flower was reclassified as fertile. Three crosses utilizing pollen from partially 
sterile flowers produced no seed, indicating that the original classification should 
have been sterile. The control, emasculated bagged flowers, also set no seed. 
Biochemical Characteristics of Original and Stock-to-Scion Transmitted Sterility. 

Chromatographic comparisons of mature anthers consistently showed the following 
differences in control sterile and fertile material: leucine (or isoleucine) and 
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phenylalanine were identified in sterile anthers but were not present in fertile an- 
thers. Valine and possibly methionine appeared to be present in greater amounts in 
sterile than in fertile anthers. Four amino acids (ninhydrin reacting spots) which 
occurred on chromatograms of fertile anthers were not present in chromatograms of 
sterile anthers. One of these has been identified as tyrosine, and the other three 
have been tentatively identified as glutamine, asparagine, and histidine. Proline 
occurred in apparently equal amounts in sterile and fertile controls, as well as in 
third-generation sterile and fertile flowers. These differences in amino acids were 
also consistently found in third-generation sterile and fertile anthers. ree amino 
acid patterns of male sterile anthers obtained from plants which also produced 
fertile flowers were identical to those of control sterile anthers. Likewise, the 
patterns produced by fertile anthers from plants producing some sterile flowers were 
identical to those of control fertile anthers. Patterns from third-generation com- 
pletely sterile and completely fertile plants were identical to the control sterile and 
fertile patterns, respectively. 

Discussion.—It is unlikely that either outcrossing or gene mutation in material 
used for scions is responsible for the appearance of male sterility in generations 
following grafting. There is no reliable evidence that the process of grafting could 
induce mutations in four scions taken from four different maintainer plants. Also, 
the results of chromatographic comparisons of free amino acids in sterile and fertile 
material do not support such assumptions, since it seems highly improbable that 
male sterility induced by any method other than asexual transmission would be 
associated with a pattern of free amino acids identical to that exhibited by the 
control sterile material. Therefore, our results are interpreted as indicating that a 
cytoplasmic factor(s) moved across graft unions into material whose genotype 
permits the expression of male sterility. 

Failure of others to transmit sterility asexually may be attributed to faulty in- 
oculation techniques, to failure.to observe sufficient generations, to the presence of 


genotypes in scions, or recipient material which do not permit the expression of 


sterility or that inhibit movement of the eytoplasmic factor, to environmental con- 
ditions which influence the movement and/or rate of multiplication of the cyto- 
plasmic factor, and to environmental conditions which may influence expression of 
the sterile phenotype. Transmission would not necessarily be achieved if the 
above conditions were met, since asexual transmission probably is not ubiquitous 
in view of the various ways in which cytoplasmic male sterility occurs.7*  Trans- 
mission may be confined to a particular type of cytoplasmic male sterility or the 
phenomenon may be confined to the genus Petunia. Frankel,‘ working in Cali- 
fornia, found a higher percentage of male sterile plants in the second 
and third generations than that observed here. He was unable to obtain 
seed from male sterile scions grafted on maintainer stocks, while we were 
successful in obtaining seed from such combinations. Frankel‘ reported complete 
male sterility in 14 plants of second-generation offspring, whereas none of our 
second-generation offspring were completely male sterile and complete sterility was 
not observed before the third generation. Frankel obtained exclusively male 
sterile and fertile third-generation populations from backcrossing second-generation 
sterile and from selfing second-generation fertile plants, respectively. We obtained 
sterile and partially sterile and fertile flowers from selfed fertile second-generation 
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flowers as well as from crossing partially sterile and sterile flowers with maintainer 


pollen. Unfortunately a direct comparison of our results with those obtained by 


Frankel is impossible because his seed stocks have been discarded. They may be 
explained, however, on the basis of different parental material, different environ- 
mental conditions, different techniques and procedures of grafting, and different 
methods of classifying sterility. Since the flowers on grafted P-5-58 maintainer 
scions were all fertile and, when selfed, yielded progeny containing some partially 
sterile, sterile, and fertile flowers, the factors controlling cytoplasmic male sterility 
must have been carried in some of the ovules. No pollen was observed in control 
sterile P-266-58 anthers; this condition was detected in only five flowers on five 
third-generation plants. It seems possible that cytoplasmic factors in P-5-58 main- 
tainer cytoplasm might require a period of adaptation for several generations before 
pollen development would be completely suppressed. 

The significance of asexual transmission of cytoplasmic factors controlling male 
sterility is immediately apparent in the field of plant breeding where male sterility is 
now widely used to avoid the operation of emasculation in the production of hybrid 
seed. If asexual transmission is possible in genera other than Petunia, then the 
utilization of sterility in hybridization could be greatly expanded. It may be 
possible to transmit asexually cytoplasmic male sterility into genera which do not 
possess it. In many instances, methods other than grafting would be necessary for 
this transmission; such methods might include mechanical or insect inoculation, or 
transmission through an intermediate host such as dodder (Cuscuta spp). Asexual 
transmission would also be important in breeding programs involving species 
presently containing cytoplasmic factors. Backcrossing programs which are now 
necessary for converting lines to sterility could be obviated, and lines converted to 
sterility by asexual methods would not be contaminated by genes from a donor 
parent. Investigations of asexual transmission in various interspecific, inter- 
generic, and intraspecific combinations are in progress. 

Gloustshenko® has cited Frankel’s‘ results as an example of graft hybridization. 
There is no evidence in our material that grafting induced changes in nuclear genes 
and the evidence for such changes in other material is questionable. Conversely, 
transmission through graft unions of non-nuclear cellular constituents, such as 
viruses,® are well documented. The graft transmission of sterility in petunia very 
closely resembles the graft transmission of many known viruses. The occurrence of 
fertile, partially sterile, and male sterile flowers in the same plant is suggestive of 
the infection patterns exhibited by plants infected with viruses where symptomless 
tissue and tissue exhibiting mild or severe symptoms may occur in the same plant. 
There are additional similarities between the cytoplasmic factors controlling 
sterility in petunias and viruses: cytoplasmic factors have not been detected with 
light microscopy, and they possess the capacity of replication. Also, cytoplasmic 
factors are seed transmitted, as are some viruses, e.g., tobacco ringspot virus in 
petunia; further, the expression of the sterility character is influenced by inter- 
actions between the cytoplasmic factor and certain genotypes, as are the symptoms 
caused by viruses in recognized virus diseases. Such analogies between male 
sterility and virus symptoms, although not decisive, are suggestive of the viral 
nature of cytoplasmic male sterility in petunia. To demonstrate that the factors 
controlling cytoplasmic male sterility possess the qualities of viruses, investigations 
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of other asexual transmission methods, isolation, and characterization of the factors 
‘ure imperative. Such investigations are in progress. 
Summary.—Cytoplasmic male sterility in petunia was transferred from cyto- 


plasmic male sterile plants to fertile maintainer plants by grafting. The cyto- 


plasmic factors controlling sterility were subsequently transmitted through seed. 
Patterns of free amino acids in treated (third generation after grafting) male sterile 
plants were identical with those in control male sterile plants, indicating that 
sterility resulted from a transfer of factors across the graft union rather than being 
induced. This method of transfer parallels that commonly used for transmission of 
viruses. Thus the phenomenon of cytoplasmic male sterility in petunia may be 
explained on the basis of virus infection. 

Under this hypothesis the condition of cytoplasmic male sterility would be 
analogous to a disease resulting from virus infection. 
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EFFECT OF 5-BROMODEOXYURIDINE ON MAMMALIAN 
CHROMOSOM ES* 


By T. C. Hsu ANp CAROLYN E. SOMERS 


SECTION OF CYTOLOGY, DEPARTMENT OF BIOLOGY, UNIVERSITY OF TEXAS AND M. D. ANDERSON 
HOSPITAL AND TUMOR INSTITUTE, HOUSTON, TEXAS 


Communicated by Wilson S. Stone, January 9, 1961 


Although there have been numerous reports of chromosomal damage following 
treatment of cells with purine and pyrimidine analogues, little decisive evidence 
is available to demonstrate that these analogues are preferentially incorporated 
into the deoxyribonucleic acid (DNA) of the cells in question.! Cytological changes 
observed in these experiments, therefore, may be secondary effects of these com- 
pounds on enzyme activities, incorporation into ribonucleic acid, or other alter- 
natives, instead of direct chemical alterations of the DNA molecules. 

The uniqueness of 5-bromouracil and 5-bromodeoxyuridine (BUDR) resides 
in the fact that they are analogues of thymine and thymidine respectively and 
are incorporated, with concomitant thymine replacement, into the DNA of bac- 
teria,2~* bacteriophages,> and mammalian cells.6.7 According to Kit et al.,7 
5-bromodeoxyuridine is incorporated into cellular DNA but does not interfere 
with other metabolic processes. While Djordjevic and Szybalski® were able to 





Vou. 47, 1961 GENETICS: HSU AND SOMERS 397 


show that a partial substitution of BUDR for thymine in the DNA of mammalian 
cells leads to an increased radiosensitivity, they were unsuccessful in extending 
observations to detectable changes at the chromosomal level. 

In an attempt to study the effect of BUDR on murine cell populations in vitro, 
Hsu, Billen, and Levan’ found a seemingly higher frequency of chromatid breaks 
in the treated series than the control cultures. However, a number of factors were 
attributed to the uncertainty of their results. The present investigations were 
designed to confirm their findings with cytologically more favorable materials. 
Evidence is herewith presented for chromosomal changes following the incorpora- 
tion of BUDR into cellular deoxyribonucleic acid. 


Material and Methods.—Several mammalian cell strains were used to test the effect of BUDR on 
chromosomes. These were strains L-P59,° L-M” (both sublines of strain L of the mouse), Lettré 
ascites tumor grown in vitro,'! and the Chinese hamster cell line BI4FAF28.!” 

The McCoy 5a medium" supplemented with 10 or 20 per cent calf serum was used throughout 
the experiments. The techniques for routine cultivation and for cytological preparation were the 
same as described by Hsu and Kellogg. '* 

5-Bromodeoxyuridine was purchased from the California Biochemical Foundation. Three 
concentrations, 5, 10, and 25 ug/ml, were used to treat the cells. With the exception of Strain 
L-M, all cell populations were treated with BUDR for not more than a week. Strain L-M, how- 
ever, was treated continuously following a weekly subculturing schedule. In cases where cellular 
growth was poor, subculturing was postponed for a week, but fresh medium containing the same 
dose of BUDR was invariably replenished at weekly intervals. 


Results.—Following the treatment with BUDR, one of the most striking ap- 
pearances of chromosomes was the lengthening of centromeric regions and secondary 
constrictions. A good example can be found in strain L-P59 which contained a 
long subtelocentric chromosome known as the D chromosome. As has been 
described in detail previously,®: * “ the long arm of this chromosome possessed 
three secondary constrictions which separated the arm into four segments. The 
last constriction was usually very deep. Figure 1 represents an untreated cell of 
L-P59 in which the D chromosome is indicated by an arrow. It can be seen that 
the two constrictions in the middle piece are not as remarkable as the centromeric 
constriction and the last secondary constriction which separates the: end piece 
and the middle piece. Cells treated with BUDR may show exaggerated constric- 
tion areas. The D chromosome in Figure 2 (arrow) appears to be a string of 
beads as the result of the lengthening of the constrictions. In fact, all the meta- 
centric elements in this figure have stretched centromeric regions. 

A similar phenomenon was observed in other cell strains under the influence of 
BUDR treatment. Of special interest is strain B14 AF28 of the Chinese hamster 
Most of the cells of this line were near diploid (22 or 23 chromosomes and a minute 
element), though tetraploid elements were not uncommon. The two largest 
chromosomes, pair No. 1, were submetacentric. Figure 5 represents a cell found 
in the control population with the two chromosomes No. 1 showing no sign of 


differentiation other than the centromeric constrictions. Occasionally, in some 


control cells a suggestion of a secondary constriction located at the long arm near 
the centromere can be detected. In the BUDR-treated series, on the other hand, 
deep constrictions were obvious in a large number of cells. Secondary constrictions 
can be readily seen in two of the four chromosomes No. 1 (open arrows) of the 
tetraploid cell shown in Figure 6. In a number of cases, the secondary constrictions 
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Fig. 1.—A cell from a control culture of strain L-P59. Note the D chromosome (arrow) with its 
characteristic constrictions. 

Fig. 2.—A cell from strain L-P59 treated with BUDR (25 ug/ml) for five days. Nete the ex- 
aggerated constrictions of the D chromosome (arrow) and other metacentric elements. 

Fig. 3.—A cell from strain L-M treated with BUDR (25 ug/ml) for five days. Note the ‘‘de- 
generated’’ chromosome (arrow). 

Fig. 4.—A cell from strain L-M treated with BUDR (10 ug/ ml) for four weeks Note three 
chromatid breaks and two sets of translocations. 


were as exaggerated as those shown in Figure 2. Figure 7 represents a collection 


of chromosomes No. 1 cut out from photographs of various celis treated with 
BUDR (25 ug/ml) for 28 hours. The expression of the secondary constriction on 
the long arm ranged from complete obliteration (7a) through a slight suggestion of 
its existence (7b), obvious on one of the two chromatids (7c), both chromatids 
(7d, e), to far stretched, thread-like structures (7f, g). Similar responses were also 
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noted at the secondary constriction region of the X chromosome and chromosomes 
No. 2. 

The sequence of changes observed in the centromeric and secondary constriction 
regions can probably be best interpreted as differential coiling among different 
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Fic. 5.—A control cell from strain B14FAF28 of Chinese hamster. Note the two chromosomes 
No. 1 (arrows). 

Fig. 6.—A tetraploid cell from strain BI4FAF28 treated with BUDR (25 ug/ml) for 28 hours. 
Two of the chromosomes No. 1 (open arrows) show secondary constrictions on the long arm near 
the centromere, and the other two (long arrows) form segmental interchange both breaking at the 
secondary constrictions. 

Fig. 7.—A collection of cut-out photographs of chromosomes No. 1: a, no secondary constric- 
tions; b, suggestion of secondary constriction; c, secondary constriction on one chromatid; d, e, 
deep secondary constriction on both chromatids; f, g, exaggerated secondary constriction on one, 
and breakage on the other chromatid; h, i, 7, breakage on one chromatid; k, translocation involv- 
ing chromosome | and the X, both at the secondary constrictions; /, translocation involving chro- 
mosome 1 and the X, the former at the secondary constriction and the latter at the telometre; m, 
translocation involving two chromosomes 1, both at the secondary constrictions. 
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types of chromatin. Sometimes, an entire chromosome may show differential 
coiling or differential degeneration as compared with other chromosomes in the 
same cell (Fig. 3). 

The most obvious chromosomal abnormality produced by BUDR treatment was 
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chromatid breakages which may or may not be translocated. Figure 4 shows 
an L-M cell with a number of chromatid breaks and two sets of segmental inter- 
changes (translocations). It is of great interest to note that the chromatid breaks 
corresponded closely to the constriction regions. This can again be best demon- 
strated by chromosome No. | of the Chinese hamster. In Figure 6, two of the 
chromosomes No. 1 had a segmental interchange (long arrows), both breaking at 
the secondary constrictions. The result of this translocation would be two frag- 
ments, two normal chromosomes, and a dicentric isochromosome. In Figure 7, 
several additional cut-out photographs are included to illustrate chromatid breaks 
(7f-j) and translocations (7k~m), all occurring at. this specific locus. In Figure 7k, 
the other chromosome involved in the exchange is the X chromosome which also 
broke at its secondary constriction. In Figure 7/, the terminal end of the X was 
involved. The interesting configuration shown in Figure 7m represents a trans- 
location between the homologous chromosomes No. 1. Unlike the exchange shown 
in Figure 6, however, the translocated segments in the present case happened to be 
the homologous parts, which would result in two normal chromosomes No. 1. 

It must be emphasized that breakages did not occur only at the secondary con- 
striction. The ends of chromosomes (telomeres) appeared to be other vulnerable 
sites. In chromosome No. 1 of the Chinese hamster, at least eight places were 
found with breakages following BUDR treatment, diagrammatically represented 
in Figure 8. Table 1 summarizes the analysis of breakage loci from four samples 


ws se 6 ¢€ 5 67 
“ 2 2. * * VY 


Fic. 8.—A diagrammatic representation of chromosome 1 of Chinese 
hamster showing breakage points induced by BUDR treatment (cf. 
Table 1). 


studied. Two conclusions are significant: (1) with BUDR concentration at 25 
ug/ml, breakages occurred as early as 12 hours after treatment, and (2) the great 
majority (86%) of the breakages was found at one spot, the secondary constriction. 
It should also be added that in strain L the centromere and secondary constriction 
regions also appeared to break frequently. 

A chronological study of the breakage frequency was made with cells of strain 
L-M. The cells were treated with medium containing BUDR at 5, 10, and 25 
ug/ml. They were analyzed cytologically every other day for two weeks, there- 
after once a week. The L cells responded to BUDR more slowly than cells from 
the Chinese hamster Breakages began to be abundant four or five days after 


TABLE 1 


FREQUENCIES OF BREAKS AT E1Gut Loci (cr. FIG. 8) OF CHROMOSOME No. 1 OF CHINESE HAMSTER 
FOLLOWING BUDR TREATMENT 
Hours after 
treatment 3 , j Total 
- : 25 
18 2 ; 35 
59 
37 
156 
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the initiation of the treatment Table 2 presents the 
recording data on breakages for twelve consecutive 
weeks expressed as average number of breaks per 
cell. It is interesting that in spite of heavy incorpo- 
ration of BUDR into the DNA as shown by Kit,'® 
the cultures continued to proliferate, though at a cer- 
tain stage the growth rate was rather poor. Their 
breakage frequency was generally higher in the series 
with 10 or 25 ug/ml than 5 ug/ml. Toward the end 
of the 12-week period, the breakage frequency was 
definitely abated, and the growth rate was noticeably 
higher. Incomplete data on growth assays with these 


Spontaneous breaks in control cultures (5 


“resistant”? lines indicated that the cells grew in 
BUDR-containing media as well as in the control 
medium. 

Discussion.—The difference between strain L, in 
which extensive chromatid breaks and exchanges be- 
gan to be found four or five days after BUDR treat- 


as two breaks. 


ment and the Chinese hamster cultures, where such 
phenomena were noticed one day after similar treat- 
ment, was probably the result of two factors: the lag 
phase of the growth curve and the generation time. In 


Was counted 


strain L, the lag phase is generally at least one day, 
as compared to only a few hours in the Chinese ham- 
ster strain. The average generation cycle for the former, 
according to autoradiographic analysis madeby Dewey,” 
is 22 hours while the latter, according to Yerganian,!* 
requires only 14 hours or less. Nevertheless, from all 
four cell populations observed in this study, chromo- 


some breakage appeared to be a general phenomenon 


» segmental interchange 


for mammalian cells in vitro after BUDR treatment. 
It must be mentioned that Djordjevic and Szybalski,® 
using a BUDR concentration of 5 ug/ml to treat their 
human cell line D98S, failed to discover a large number 
of chromosome breaks. These authors did not state 
the duration of treatment prior to their cytological ob- 
servation. With the same concentration, strain L also 
showed relatively low frequency of chromoome break- 
ages during the first ten days of treatment. 
Djordjevic and Szybalski® effectively demonstrated 


was 0.018. 


by the equilibrium sedimentation technique that BUDR 
is incorporated into the DNA of the human cell liae 
D98S. The L-M cells used in this study also incor- 
porated a large amount of BUDR.'® It thus seems 
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reasonable to assume that the enhancement or stretch- 
ing of the constrictions and chromosome breaks found 
here were the results of, or at least were closely related 
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to, BUDR incorporation. It remains a question, however, whether or not the 
former was necessarily a preliminary step of the latter. Perhaps with a large 
amount of thymidine replaced by BUDR, the physical properties of the chromo- 
somes became so changed that the spiralization cycle could not be performed 
regularly. Krom his physicochemical data, Szybalski'® found that incorporation 
of BUDR results in single-strand breaks in the DNA molecule and _ postulates 
that these points should manifest themselves as chromosome breakages upon sub- 
sequent replication. 

Incorporation of BUDR induces instability of genes. ! 
of a highly mutable gene in maize, Schwartz” proposed that gene unstabilization 
could occur through a shift in base pairing from adenine-thymine (A-T) to guanine- 
cytosine (G-C). The transition was mediated by illegitimate base pairings, A-C 
and G-T. It is possible that an analogue such as BUDR, incorporated into the 
DNA molecule, might initiate unstabilization via similar mechanisms. Reduction 
of the breakage frequency in the populations after prolonged BUDR treatment, 
coupled with the recovery of growth capacity, may be due to any one of many pos- 
sibilities, among which are the shift of base pairing and other mutational events. 


® In discussing the nature 
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It may be significant to correlate the findings of Yerganian and associates*!: 
who witnessed specific chromosome breaks under the influence of an alkylating 
agent, triethylene melamine (TEM), and the claim by Szybalski?* that TEM modi- 
fies pyrimidine deoxynucleosides which may become mutagenic. Thus, the ulti- 
mate mechanisms of inducing chromosome breakages by these two seemingly un- 
related compounds may be the same. 

Presumably, replacement of thymine by BUDR should not be confined to limited 
areas. Thus, mutations and chromosome breaks as expressions of DNA instability 
should not be localized also. The frequency of gene mutation could not be tested 
with the present material; but the frequency of breakages was found to be distrib- 
uted unevenly along the chromosomes. One of the possibilities is that some regions, 
e.g., constrictions and telomeres, may contain DNA with relatively high adenine- 


thymine ratio, so that incorporation of the thymine analogue was most rapid and 
most complete in these regions. The interesting question posed by Zamenhof 
and Griboff**—‘‘Do all deoxyribonucleic acid molecules have some of their thymine 
replaced by 5-bromouracil or do some of the deoxyribonucleic acid molecules 


(perhaps genetically inactive) have all their thymine replaced by 5-bromouracil?”’ 
seems to find a suggestive answer from our cytological data. The regions where 
high frequency of breaks were found correspond to what is conventionally known 
as heterochromatin, which is considered genetically inactive. If this is so, the 
difference between euchromatin and heterochromatin might be due to the difference 
in DNA composition, i.e., the latter has a higher adenine-thymine ratio than the 
former. It appears, at least at the present time, that chromosomal analysis, 
using the incorporation of analogues such as BUDR, may be advantageous to 
correlate genetic, physico-chemical as well as cytological findings. 


* Supported in part by grant P-133C from American Cancer Society and DRG-269F from 
Damon Runyon Memorial Fund for Cancer Research, Inc. The authors wish to express their 
appreciation to Dr. George Yerganian, Children’s Cancer Research Foundation, Boston, for supply- 
ing us with his Chinese hamster cell strain, to Mr. John D. Carnes for preparing the photomicro- 
graphs, and to Misses Helen Rearden and Rosemary Sherwin for technical assistance. 
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ON THE TOPOGRAPHY OF THE GENETIC FINE STRUCTURE 
By SEYMOUR BENZER 
DEPARTMENT OF BIOLOGICAL SGIENCES, PURDUE UNIVERSITY 


Read before the Academy, April 27, 1960* 


In an earlier paper,' a detailed examination was made of the structure of a small 


portion of the genetic map of phage T4, the rIIl region. This region, which controls 
the ability of the phage to grow in Escherichia coli strain K, consists of two adjacent 


cistrons, or functional units. Various rll mutants, unable to grow in strain K, 
have mutations affecting various parts of either or both of these cistrons. The 
topology of the region; i.e., the manner in which its parts are interconnected, was 
intensively tested and it was found that the active structure can be described as a 
string of subelements, a mutation constituting an alteration of a point or segment 
of the linear array. 

This paper is a sequel in which inquiry is made into the topography of the struc- 
ture, i.e., local differences in the properties of its parts. Specifically, are all the 
subelements equally mutable? If so, mutations should occur at random throughout 
the structure and the topography would be trivial. On the other hand, sites or 
regions of unusually high or low mutability would be interesting topographic fea- 
tures. 

The preceding investigation of topology was done by choosing mutants showing 
no detectable tendency to revert. This avoided any possible confusion between 
recombination and reverse mutation, so that a qualitative (yes-or-no) test for re- 
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combination was possible. The class of non-reverting mutants automatically 
included those marked by relatively large alterations, which will be referred to as 
“deletions.’’ Such a mutant is defined for the present purposes as one which inter- 
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Fic. la.—At the top, the rm region is shown compared with the entire 

genetic map of the phage. This map is a composite" of markers mapped 
in T4 and the related phage T2. Seven segments of the rir region are de- 
fined by a set of “‘deletions’’ beginning at different points and extending 
to the right-hand end (and possibly beyond, as indicated by shading). 


sects (fails to give recombination with) two or more mutants that do recombine 
with each other. Deletions provided overlaps of the sort needed to test the topol- 
ogy and to divide the map into segments. 

The present investigation of topography, however, is concerned with differentia- 
tion of the various points in the structure. For this purpose mutants which do 
revert are of the greater interest, since they are most likely to contain small alter- 
ations. Asarule (there are exceptions) an rIl 
mutant that reverts behaves as if its alteration 
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mtontx were localized to a point. That is to say, mu- 
tants that intersect with the same mutant also 
intersect with each other. In a cross, recom- 
bination can be scored only if it is clearly de- 





tectable above the spontaneous reversion noise 





mutant x 





of the mutants involved. Therefore, the pre- 

Fic. 1b.—Mapping a mutation by  ¢ision with which a mutation can be mapped 
use of the reference deletions. If ares B . A : 
mutant x has a mutation in segment 1, 1S limited by its reversion rate. The detailed 
it is overlapped by r1272, but not by analysis of topography can best. be done with 
r1241. Therefore, standard-type re- : : , ; 
combinants (as indicated by the mutants having low, non-zero reversion rates. 
dotted line) can only arise when x is Some thousands of such rII mutants, both 
crossed with 71241. 


spontaneous and induced, have been analyzed 


and the resultant topographic map is presented here. 

Assignment of Mutations to Segments.—To test thousands of mutants against one 
another for recombination in all possible pairs would require millions of crosses. 
This task may be greatly reduced by making use of deletions. Each mutant is first 
tested against a few key deletions. The recombination test gives a negative result 
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if a deletion overlaps the mutation in question and a positive result if it does not 
overlap. These results quickly locate a mutation within a particular segment of the 
map. It is then necessary to test against each other only the group of mutants 
having mutations within each segment, so that the number of tests needed is much 
smaller. In addition, if the order of the segments is known, the entire set of point 
mutations becomes ordered to a high degree, making use of only qualitative tests. 
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Fic. 2.—Crosses for mapping 7riI mutations. The photograph Is a Composite of 
four plates. Each row shows a given mutant tested against the reference 
deletions of Figure la. Plaques appearing in the blanks are due to revertants 
present in the mutant stock. The results show each of these mutations to be 
located in a different segment. 

Procedure for crosses—The broth medium is 1% Difco bacto-tryptone plus 0.5% 
NaCl. For plating, broth is solidified with 1.2% agar for the bottom layer and 
0.7% for the top layer. Stocks are grown in broth using £. coli BB which does 
not discriminate between rit mutants and the standard type. To cross two 
mutants, one drop of each at a titer of about 10° phage particles/ml is placed in a 
tube and cells of E. coli B are added (roughly 0.5 ml of a 1l-hour broth culture 
containing about 2 * 108 cells/ml). The rll mutants are all able to grow on 
strain B and have an opportunity to undergo genetic recombination. After allow- 
ing a few minutes for adsorption, a droplet of the mixture is spotted (using a sterile 
paper strip) on a plate previously seeded with Z. coli K. If the mutants recombine 
to produce standard type progeny, plaques appear on K. A negative result 
signifies that the proportion of recombinants is less than about 107°°% of the 
progeny. 


Within any one segment, however, the order of the various sites remains undeter- 
mined. This order can still be determined, if desired, by quantitative measure- 
ments of recombination frequencies. 


In order to facilitate this project many more deletions have been mapped than 


were described in the previous paper. These suffice to carve up the structure into 
47 distinct segments. By virtue of the proper overlaps, the order of almost all of 
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these segments is established. Observe first the seven large mutations in Figure La. 
These are of a kind which begin at a particular point and extend all the way to one 
end. Thus, they serve to divide the structure into the seven major segments 
shown. 

Consider a small mutation located in the segment Al, as indicated in Figure 1b. 
It. is overlapped by r1272 and therefore when crossed with it cannot give rise to 
standard type recombinants. It will, however, give a positive result with r1241 
or any of the others, since, with them, recombinants can form as indicated by the 


A cistron >< Becistron — > 


= 

Fic. 3.—Deletions used to divide the main segments of Figure 1 into 47 smaller segments: 
(Some ends have not been used to define a segment, and are drawn fluted.) The A and B cistrons, 
which are defined by an independent functional test, coincide with the indicated portions of the 
recombination map. Most of the mutants are of spontaneous origin. Possible exceptions are 
EM66, which was found in a stock treated with ethyl methane sulfonate, and the pr and PB 
mutants, which were obtained from stocks treated with heat at low pH. The PT mutants were 
contributed by Dr. E. Freese. 








dotted line. A point mutation located in the second segment will give zero with 
mutants 71272 and r1241 but not with the rest, and so on. Thus, if any point 
mutant is tested against the set of seven reference mutants in order, the segment in 
which its mutation belongs is established simply by counting the number of zeros. 
Figure 2 shows photographs of the test plates for seven mutants, each having its 
mutation located in a different segment. 

Only these seven patterns, with an mine row of zeros beginning from 
the left, have ever been observed for thousands of mutants tested against these 
seven deletions. The complete exclusion of the other 121 possible patterns con- 
firms the linear order of the segments. 
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Now a given segment can be further subdivided by means of other mutations 


having suitable starting or ending points. 
and the designation of each segment. 
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Fic. 4.—The test pattern which identifies the location of a 
point mutation in each of the segments of Figure 3. The test is 
done in two stages. An unknown mutant is first crossed with the 
“big seven” of Figure 1 in order. Zero signifies no detectable 
recombination and one signifies some, and the number of zeros 
defines the major segment. Once this is known, the mutant is 
crossed with the pertinent selected group of deletions to de- 
termine the small segment to which it belongs. 


the mutant is tested against the appropriate secondary set. Figure 


Figure 3 shows the set used in this study 
Each mutant is first tested against the seven 


which have been chosen to define main segments. Once the main segment is known, 


4 shows the 


pattern which identifies the location of a point mutation within each of the small 
segments. ‘Thus, in two steps, a point mutation is mapped into one of the 47 seg- 


ments. 
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The order of the first 42 segments, Ala through B6, is uniquely defined. Unfor- 
tunately, there remains a gap between 71299 and rW8-33. Therefore the order 
of segments B8 through B10, although fixed among themselves, could possibly be 
the reverse of that shown.” Also if there exists space to the right of segment B10, 
a mutation in that segment might map as if it were in segment B7, so that the latter 
segment must be tentatively regarded as a composite. 

In the previous topology paper, the possibility that the structure contains 
branches was not eliminated. As pointed out by Delbriick, the existence of a 
branch would not lead to any contradiction with a linear topology if loss of a seg- 
ment containing the branch point automatically led to loss of the entire branch. 
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Fic. 5.—Correlation of the results of deletion mapping with the conventional method. A: 
The map constructed by Chase and Doermann? for ten rm mutants of phage T4B, using quantita- 
tive measurements of recombination frequency. The interval between adjacent mutations is 
drawn proportional to the frequency of recombination in a cross between the two. C: The map 
constructed in similar fashion by Edgar et al. (personal communication) with rII mutants of the 
very closely related phage T4D. The procedure used by Edgar et al. gives higher recombination 
frequencies. Therefore, the scales of the two maps are adjusted in the figure to produce a good 
over-all fit. Some of the mutations cover several sites and are drawn as having a corresponding 
length. A gap is left between the two cistrons because crosses between mutations in different 
cistrons give abnormally high frequencies due to the role of heterozygotes!® 

All of these mutations have also been mapped by the deletion method, and dotted lines indicate 
their locations in the various segments (B). The length of each segment is drawn in proportion 
to the number of distinct sites that have been found within it. 


To show that a given segment is not a branch, it is required to find a mutation which 
penetrates it partially. Irom the mutations shown in Figure 3, it can be concluded 
that no branch exists that contains more than one of the 47 segments. 

Comparison of Deletion Mapping by Recombination Frequencies.—The conven- 
tional method of genetic mapping makes use of recombination frequency as a 
measure of the distance between two mutations and requires careful quantitative 
measurements of the percentage of recombinant type progeny in each cross. By 
the method of overlapping deletions the order of mutations can be determined en- 
tirely by qualitative yes-or-no spot tests. Maps obtained independently by the two 
methods are compared in Figure 5. The upper part of the figure (A) shows the 
order obtained by Chase and Doermann? for a set of ten mutants, the distance be- 
tween adjacent mutations being drawn proportional to the percentage of standard- 
type recombinants occurring among the progeny of a cross between the two. The 
central part of the figure (B) shows the rll region divided into the segments of 
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Figure 3, with the size of each segment drawn in proportion to the number of dis- 
tinct sites which have been discovered within it (see below). As indicated by the 
dotted lines, there is perfect correlation in the order. In the lower part of the 


figure, a similar comparison is made for a set of rll mutations in the closely related 
5 . 

phage strain T4D, which have been mapped, using recombination frequencies, by 
Kdgar, Feynman, Klein, Lielausis, and Steinberg. Again the order agrees perfectly 


with that obtained by the use of deletions. 

Topography for Spontaneous Mutations.—We now proceed to map reverting 
mutants of T4B° which have arisen independently and spontaneously. The pro- 
cedure is exactly as in Figure 4: first localizing into main segments, then into smaller 
segments. Finally mutants of the same small segment are tested against each 
other. Any which show recombination are said to define different sites. If two 
or more reverting mutants are found to show no detectable recombination with each 
other, they are considered to be repeats and one of them is chosen to represent the site 
in further tests. A set of distinct sites is thus obtained, each with its own group of 
repeats. 

This procedure is based on the assumption that revertibility implies a point mu- 
tation. While this is a good working rule for rll mutants, a few exceptions have 
been found which appear to revert (i.e., give rise to some progeny which can produce 
detectable plaques on stain K) yet fail to give recombination with two or more 
mutants that do recombine with each other. If a mutant chosen to represent a 
“site” happens to be of this kind, mutations it overlaps will appear to be at the same 
site. Therefore, a group of “repeats”? remains subject to splitting into different 
groups when they are tested against each other. This has not yet been done for 
all of the sites described here. It is, of course, in the nature of the recombination 
test that it is meaningful to say that two mutations are at different sites, while the 
converse conclusion is always tentative. 

Figure 6 shows the map obtained for spontaneous mutants, with each occurrence 
of a mutation at a site indicated by a square. Within each segment the sites are 
drawn in arbitrary order. Other known sites are also indicated even though no 
occurrences were observed among this set of spontaneous mutants. 

That the distribution is non-random leaps to the eye. More than 500 mutations 
have been observed at the most prominent “hotspot,” while, at the other extreme, 
there are many sites at which only a single occurrence, or none, has so far been 
found. 

To decide whether a given number of recurrences is significantly greater than 
random, the data may be compared with the expectation from a Poisson distribu- 
tion. Figure 7 shows a distribution calculated to fit the least hot of the observed 
spontaneous sites, i.e., those at which one or two mutations have occurred, on the 
assumption that these sites belong to a uniform class of sites of low mutability. 
Comparing the observations with this curve, it would seem that if a site has four 
occurrences, there is a two-thirds probability that it is truly hotter than the class of 
sites of low mutability. Those having five or more are almost certainly hot. It 
can be concluded that at least sixty sites belong in a more mutable class than the 
coolest. spots. Whether the hot sites can be divided into smaller homogeneous 
groups, assuming a Poisson distribution within each class, is difficult to say. Each 
of the two hottest sites is obviously unique. 





A4c 


= iw 9 





ae 


A4b 











A4a 





A3i 


a me ea ea re 


A2a A2b A2e A2d A2e A2t A2q 
A2hi 


A3h A3q A3t A3e 


A3a-d A2hs 


an es eee 





























cistron 





B cistron 


A 








Vou. 47, 1961 GENETICS: S. BENZER 411 


From the distribution it can be predicted that there must exist at least 129 
spontaneous sites not observed in this set of mutants. This is a minimum estimate 
since it is calculated on the assumption that the 2-occurrence sites are no more 
mutable than the l-occurrence sites. If this is not correct, the predicted number of 


number of sites with m occurrences 
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Fig. 7.—Distribution of occurrences of spontaneous mutations at various sites. The 
dotted line indicates a Poisson distribution fitted to the numbers of sites having one and 
two occurrences. This predicts a minimum estimate for the number of sites of comparable 
mutability that have zero occurrences due to chance (dashed column at n = 0). Solid bars 
indicate the minimum numbers of sites which have mutation rates significantly higher 
than the one- and two-occurrence class. 


0-occurrence sites will be larger. Also, of course, there could exist a vast class of 
sites of much lower mutability. With 251 spontaneous sites identified and at least 
129 more to be found, the degree of saturation of the map achieved with this set of 
1,612 spontaneous mutants can be no greater than 66 per cent. 


Fic. 6.—Topographic map of the rII region for spontaneous mutations. Each square rep- 
resents one occurrence observed at the indicated site. Sites with no occurrences indicated are 
known to exist from induced mutations and from a few other selected spontaneous ones. The 
order of the segments is known for Ala through B7, but is only tentative for B7 through B10." 
The arrangement. of sites within each segment is arbitrary. 

Each mutant arose independently in a plaque of either standard-type T4B or, in somewhat less 
than half of the cases, revertants of various rIIl mutants. All revertants (except F) gave results 
very similar to T4B. The pattern for rII mutants isolated from revertant F differs noticeably 
only in a reduced rate at the hotspot 117 (the site of its original rII mutation) and therefore does 
not significantly alter the topography. All the data for mutants isolated from standard type and 
from revertants are pooled in this figure. 
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Topography for Induced Mutations.—By the use of specific mutagens, new topo- 
graphic features are revealed. This has been shown for rII mutants induced 


during reproduction of the phage inside the bacterial host cell with 5-bromouracil 
(Benzer and Freese*), proflavine (Brenner, Barnett, and Benzer‘), and 2-amino- 
purine (KFreese®). Other effective mutagens are 2,6-diaminopurine (Freese®) and 
5-bromodeoxycytidine (Gregory, personal communication). Mutations may also 
be induced in vitro, i.e., in extracellular phase particles, by ethyl methane sulfonate 
(Loveless®) and nitrous acid (Vielmetter and Wieder;’ Freese; Tessman’). 

rll mutants induced by all of these mutagens have now been mapped with respect 
to each other and spontaneous ones, and the results are given in Figure 8 (facing 
page 416) which shows the locations of over 2,400 induced and spontaneous muta- 
tions. Only rII mutants that have low reversion rates and are not too “leaky” on K 
have been included. 

Kach “spectrum” differs obviously from the spontaneous one. While the specifi- 
cities of the various mutagens overlap in many respects, each differs significantly 
from the others at specific points. In making the comparison it must be borne in 
mind that the total number of mutants mapped is not the same for each mutagen 
and also that each induced set inevitably includes some proportion of spontaneous 
mutants. (An upper limit to this background can be set from the number of 
occurrences at the hottest spontaneous sites.) Also, none of the spectra are 
“saturated.” Therefore, even if two mutagens act similarly upon a given site, it is 
possible, due to chance, that a few occurrences would be observed in one spectrum 
and not the other. Within these limitations, the map shows the comparative 
response at each site to each mutagen as well as the locations of various kinds of 
hotspots in various segments of the rIT region. 

The study of the induced mutations has added 53 new sites to the 251 identified 
by the spontaneous set alone, bringing the total to 304. (lour sites more are shown 
in Figure 8, but they come from a selected group of mutants outside this study.) 
Thus, a closer approach toward saturation of all the possible sites must have been 
made. By lumping together all the data, both spontaneous and induced, one can 
again make an estimate of the number of sites which must be detectable if one were 
to continue mapping mutants in the same proportion for the same mutagens. The 
result is that there must exist still a minimum of 120 sites not yet discovered. This 
appears discouragingly similar to the estimate based on spontaneous mutations 
alone. However, it need not be surprising if the use of mutagens brings into view 
some sites which have extremely low spontaneous mutability. With 308 sites 
identified and at least 120 vet to be found, the maximum degree of saturation of the 
map is 72 per cent. 

Discussion.—One topographic feature, non-random mutability at the various 
sites, is obvious. Another question is whether mutable sites are distributed at 
random, or whether there exist portions of the map that are unusually crowded with 
or devoid of sites. The mapping technique used here defines only the order of sites 
from one segment to another (but not within a given segment). The distance be- 
tween sites remains unspecified. However, all mutations in a segment more distal 
to a given point must be farther away than those in a more proximal segment. If 
the number of sites in a segment is used as a measure of its length, as in Figure 5, it 
can be seen that there is no major discrepancy between these distances and those 
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defined in terms of another measure of distance, recombination frequency. On a 
gross scale, therefore, there is no evidence for any large portion of the rII region 
that is unusually crowded or roomy with respect to sites. This does not necessarily 
mean that some other measure of distance would not reveal such regions, since it is at 
least conceivable that mutable sites coincide with points highly susceptible to re- 
combination. The distribution of sites on a finer scale, within a small segment, 
remains to be investigated. 

The number of points at which mutations can wreck the activity of a cistron is- 
very large. This would be expected if a cistron dictates the formation of a poly 


peptide chain and “nonsense”? mutations’ are possible which interrupt the com- 


pletion of the chain. Such mutations would be effective at any point of the struc- 
ture, whereas ones which lead to “missense,” i.e., the substitution of one amino 
acid for another, might be effective at relatively special points or regions which are 
crucial in affecting the active site or folding. 

It would be of interest to compare the number of genetic sites to the material 
embodiment of the rII region in terms of nucleotides. Unfortunately, the size of 
the latter is not well known. Estimates based upon its length, in units of recom- 
bination frequency compared to the length of the entire genetic structure, are un- 
certain. A more direct attempt has been made using equilibrium sedimentation in 
a cesium chloride gradient and looking for a change in density of mutants known by 
genetic evidence to have portions of the rII region deleted (Nomura, Champe, and 
Benzer, unpublished): This technique has been successful in characterizing de- 
fective mutants of phage \ (Weigle, Meselson, and Paigen'') and is sufficiently 
sensitive to detect. a decrease of 1 per cent in the amount of DNA per phage particle, 
but, has so far failed with rll mutants. Although other explanations are possible, 
this result may suggest that the physical structure corresponding to the rll region 
represents less than | per cent of the total DNA of the phage particle, or less than 
2,000 nucleotide pairs. If this is so, the number of possible sites would be of the 
order of at least. one-fifth of the number of nucleotide pairs. 

The data show that, if each site is characterized by its spontaneous mutability 
and response to various mutagens, the sites are of many different kinds. Some 
response patterns are represented only once in the entire structure. According to 
the Watson-Crick model'? for DNA, the structure consists of only two types of 
elements, adenine-thymine (AT) pairs and guanine-hydroxymethylcytosine (GC) 
pairs. This does not mean, however, that there can only be two kinds of mutable 
sites, even if a site corresponds to a single base pair. Considering only base pair 
substitutions, a given AT pair can undergo three kinds of change: AT can be re- 
placed by GC, CG, or TA. Certain of these changes may lead to a mutant pheno- 
type, but some may not. The frequency of observable mutations at a particular 
AT pair will be determined by the sum of the probabilities for each type of change, 
each multiplied by a coefficient (either one or zero) according to whether that specific 
alteration at that particular pair does or does not represent a mutant type. Thus, 
if the probability that a base pair will be substituted is independent of its neighbors, 
the various AT sites may have seven different mutation rates. Similarly, there are 
seven rates possible for the various GC sites, so that it would be possible to account 
for fourteen classes by this mechanism. Some of these may have (total) spontane- 
ous mutation rates that are similar. If a mutagen induces only certain substitu- 
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tions, it will facilitate further discriminations between sites but there should still be 
no more than fourteen classes. 

If one allows for interactions between neighbors, the number of possible classes 
increases enormously. Such interactions are to be expected. As an example, 
consider the fact that AT pairs are held together much less strongly than are GC 
pairs.'® If several AT pairs occur in succession, this segment of the DNA chain 
will be relatively loose, making it easier to consummate an illicit base pairing dur- 
ing replication. Thus, guanine and adenine, which make a very satisfactory pair 


of hydrogen bonds but require a larger than normal separation between the back- 


bones, could be more readily accommodated. This would lead, in the next. repli- 
cation, to a replica in which one of the AT pairs has been substituted by a CG 
pair, with the orientation of purine and pyrimidine reversed. Thus, a region rich 
in AT pairs will tend to be more subject to substitution. If the same (standard- 
type) phenotype can be achieved by alternative sequences, the ones containing 
long stretches of AT pairs would tend to be lost because of their high mutability. 
In other words, cistrons ought to have evolved in such a way as to eliminate hot- 
spots. The spontaneous hotspots that are observed would be remnants of an 
incomplete ironing-out process. In fact, a map of the rII region of the related 
phage T6 (Benzer, unpublished) also shows hotspots at locations corresponding to 
r131 and r1l17. However, while the first of these has a mutability similar to 
that in T4, the second is lower by a factor of four. 

This point is emphasized by the data on reverse mutations. It is not uncommon 
for an rII mutant to have a reverse mutation rate that is greater than the total 
forward rate observed for the composite of at least 400 sites. That some of these 
high-rate reverse mutations represent true reversion (and not “suppressor”? muta- 
tions) has been established in several cases by the most stringent criteria, including 
the demonstration that the revertant has exactly the same forward mutation rate at 
the same site as did the original standard type (Benzer, unpublished). It would 
therefore appear that certain kinds of highly mutable configurations are system- 
atically excluded from the standard form of the rII genetic structure, and a mutation 
may recreate one of these banned sequences. 

In the attempt to translate the genetic map into a nucleotide sequence, the detec- 
tion of the various sites by forward mutation is necessarily the first step. By 
studies on the specificity of induction of reverse mutations,'‘ one site at a time can 
be analyzed in the hope of identifying the specific bases involved. 

Summary.—A small portion of the genetic map of phage T4, the two cistrons of 
the r/I region, has been dissected by overlapping “deletions” into 47 segments. 
If any branch exists, it cannot be larger than one of these segments. The over- 
lapping deletions are used to map point mutations and the map order established 
by this method is consistent with the order established by the conventional method 
that makes use of recombination frequencies. Further dissection has led to the 
identification of 308 distinet sites of widely varied spontaneous and induced muta- 
bility. The distributions throughout the region for spontaneous mutations and 
those induced by various chemical mutagens are compared. Data are included for 
nitrous acid and ethyl methane sulfonate acting in vitro, and 2-aminopurine, 2,6- 
diaminopurine, 5-bromouracil, 5-bromodeoxycytidine, and proflavine acting in 
vivo. The characteristic hotspots reveal a striking topography. 
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ERRATUM 
In the paper entitled ‘“The Fundamental Free Mode of the Earth’s Inner Core,” 


by Louis B. Slichter, which appeared in the February issue of this volume, the 
author wishes to make the following corrections: 


On page 186, 4th line from the bottom, the stated value of the gravitational re- 


sponse associated with the suggested oscillation is too high; read “0.1” 


(not 
“O.64’) u 


gals. The associated amplitude is then about 8 cm and the associated 
energy is about 3 X 10?! ergs, or only 0.03 per cent of that released in the quake. 

On page 188, 13th line from the bottom, the maximum local velocity for the core 
mode under discussion is about 1 X 10>? cm/sec, i.e. about the same as the fluid 
velocity associated with secular magnetic changes. 


On page 189, line 8, read ‘‘2/2 a,” not ‘2/2 w.”’ 





Facing this page ts a fold-out insert— 
Figure 8 for the paper “On the Topography of the 
Genetic Fine Structure’ by Seymour Benzer, which 


appears in this issue, starting on page 403. 
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TOPOGRAPHY OF THE GENETIC FINE STRUCTURE 


Fic. 8.—For detailed legend, unfold chart. 


PULL OUT CHART 
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. 8.—Topographic map of the rlI region for mutations arising spontaneously and induced by 
1s mutagens. In each case, only rll mutants have been used that have low reversion rates 
re not very leaky. 
mtaneous mutants: See legend to Figure 6. 
rous acid (NT') mutants: Standard type T4B was diluted in M-9 buffer plus 1.8 M NaNOk, 
‘ound 6.5, and incubated at 37°C for 80 minutes. The fraction of phage particles surviving 
x 10~? and included 0.4% of r type and mottled plaques. Four fifths of the mutants were 
ed from this stock and the rest from a second stock exposed under similar conditions for 20 
es to give 0.3% mutants. For nitrous acid, as for the other mutagens below, mutants were 
1 from both r type and mottled plaques. Spontaneous mutants in the untreated stock have 
een mapped (not shown here) and confirm that most of the NT hotspots cannot be due to 
clones previously present. 
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Ethyl methane sulfonate (EM) mutants: A broth stock of T4B was diluted in M-9 buffer plus 
0.12 M ethyl methane sulfonate (gift of Dr. A. Loveless) and incubated at 37°C for 75 minutes. 
The survival was 70% and the proportion of r and mottled plaques among survivors was 1.0%. 

2-aminopurine (AP) mutants: These mutants, isolated by Dr. E. Freese, were obtained by 
growing E. coli B infected with phage T4B in a medium containing 2-aminopurine. See Freese.® 

2,6-diaminopurine (DAP) mutants: E. coli B infected with T4B at low multiplicity were diluted 
into broth containing 2.5 mg/ml. of 2,6-diaminopurine (Sigma Chemical Co.) at 37°C. After 60 
minutes the culture was treated with chloroform. The average yield of phage particles per 
infected cell was 90 and the proportion of r and mottled plaques was about 1.9%. The DAP 
mutants were isolated from platings of a single stock, so that they did not necessarily arise inde- 
pendently. However, only a small fraction of the mutants present in the stock was used, so 
that the probability that two were derived from the same burst was small. 
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nouracil (N) mutants: These include the mutants of Benzer and Freese*, which were 
by growth of T4B on £. colt B in synthetic medium containing sulfanilamide plus 5- 
racil. Added to these are the data for mutants isolated in the presence of 5-bromo- 
idine and thymidine (Freese®). Dr. Freese contributed mutants representing sites not 
| the first set. 

nodeoxycytidine (BC)mutants: The effectiveness of this mutagen on phage was discovered 
J. Gregory, who kindly supplied a sample synthesized by Dr. D. W. Visser. The pro- 
ised was the same as for the DAP mutants except that the mutagen was 5-bromodeoxy- 
at a concentration of 5 X 10-4 M. The average yield was 80 and the proportion of r 
ttled plaques was 0.8%. 

vine (P) mutants: These are the mutants, described by Brenner, Barnett, and Benzer*, 
by proflavine during the growth of T4B on E£. coli B. Each mutant was isolated from an 
dent burst. 
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Fic. 8.—continued. 
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